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DEALING WITH TECHNICAL PROBLEMS

RELATING TO THE PRODUCTS, PROCESSES AND INVESTIGATIONS OF
THE PHILIPS INDUSTRIES

A MAGNETIC WHEEL STORE FOR RECORDING TELEVISION SIGNALS

by J. H. WESSELS.

621.397.6:621.395.625.3

The magnetic recording of signals on the periphery of a wheel or drum, coated with a magnetic
material, has been known for some considerable time: it is used, for example, to delay acoustic
signals for producing reverberation effects (ambiophony), and for information swrage in
certain electronic computers. The article below describes a system: by which television signals

can be magnetically recorded on the rim of a wheel, and subsequently displayed as and when
required. The system is likely to find an important application in radiology.

Video tape recording

The first point to be noted about the magnetic
recording of television picture signals is that it
involves frequencies very much higher than are
encountered in sound recording. In the latter the
top frequency is about 20 ke/s, whereas for television
pictures (with 625 lines) it is necessary to go up
to about 5000 kefs.

A sinusoidal electrical signal is impressed on to
the magnetic tape with a particular wavelength.
Between this wavelength 4, the frequency f and the
writing speed v (the speed of the tape relative to
the recording head) the following relation exists:

Vg = Z’ﬁ

In order to keep down the writing speed the
minimum wavelength A;, must be chosen as short
as possible. A lower limit is set to Apj, by the
reproduction quality, which declines rapidly when
Amin drops below 5 p. At Amin = 5 pand f = 5 Mc/s
the writing speed vg is 25 metres per second. If the
recording head is stationary, as it always is in sound
recor.ding, the writing speed is the linear speed of
the tape past the head. There are obvious objections
to atape speed of 25 m/sec. One method of video tape
recording 1) gets around this difficulty by making
the magnetic head rotate, thus allowing the tape

1) C. P. Ginsburg, Comprehensive description of the Ampex
* video tape recorder, J. Soc. Mot. Pict. Telev. Engrs. 66,
177-182, 1957. .

speed to be reduced considerably below the writing
speed.

Recording on a magnetic wheel

Where the object is not to record a whole series of
television pictures (part of a television programme,
for example) but only to “store” one or a few tele-
vision frames in a memory device, the latter can be
given a form that readily allows a high writing speed
to be used. We refer to the form of a wheel, anal-
ogous to the acoustic delay wheel used to produce
ambiophonic and other sound effects 2). The peri-
phery of the wheel is provided with a coating of
magnetic material, and at a very short distance
from it a recording or “writing” head is mounted
which, for video purposes, also serves as the play-
back or “reading’ head. Such a wheel, which we
shall presently describe in extenso, can easily be
given a peripheral speed of some scores of metres
per second. This ensures a sufficiently faithful re-
production of the high frequencies. :

The trouble here arises at the other end of the
spectrum, at the low frequencies. For examplé, at
f=100 ¢/s and v = 25 m/sec, the wavelength is
25 cm. This is much longer than the length [ of the
head, which is about 1 em (fig. I). The result is
that the magnetic flux of the magnetized layer — in

so far as it corresponds to the low frequencies — no
- " '

2) Philips tech. Rev. 17, 259, 1955/56, and 20, 325, 1958/59.



2 PHILIPS TECHNICAL REVIEW

longer passes through the head but around it. Thus,
as the signal frequency decreases, the output signal
not only shows the familiar gradual drop of 6 dB
per octave (because with increasing wavelength the
contained magnetic flux varies more slowly with
time) but also, when 1 is several times longer than
I, it begins to fall very rapidly to zero.

The difficulty, then, is that in video recording the
ratio of the highest to the lowest signal frequency
is particularly large, being about 10> — against 103
in the case of sound. The difficulty can be circum-
vented, however, by recording instead of the video
signal itself a “carrier wave” modulated by the
video signal.

Before describing this system we should point
out that direct (i.e. unmodulated) recording on a
magnetic wheel does produce useful results for
certain purposes. Visitors to the 1958 Photokina
Exhibition at Cologne who accepted the invitation
to be photographed in the Philips stand, saw them-
selves appear, at the moment the shot was taken
and for some time after, on two television screens.
A magnetic wheel store played an essential part in
this stunt, as explained in the caption to fig. 2%).

In 1959 the magnetic wheel was demonstrated at
the 9th Radiological Congress in Munich (see end

_ 8mm

o
&
Y 2

{=10mm \

1590

Fig. 1. Form and general dimensions of a write-read head,
with schematically-represented winding w. The core is of
ferroxcube 1V. The magnetic layer travels in the direction
of the length dimension [.

of this article) and at the Radio and Television
Show in Brussels. At the latter the visitors saw
a moving picture of themselves on one television
screen and a stationary picture on another. The
first set was connected directly to a television
camera, the second via a magnetic wheel.

Frequency modulation system
To avoid the difficulties involved in recording a

signal having a frequency ratio of 10° : 1, the signal

3) The credit for this idea, and for part of its technical reali-
zation, goes to J. F. van Oort of the Philips Exhibition
Department.
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“xhibition in

Fig. 2. Philips stand at the 1958 Photokina
Cologne. Members of the public were invited into the stand
to have a flash-photograph taken of themselves, the photo-
graph to be posted on to them later. Immediately after the
flash, a picture of the subject appeared simultaneously on
two television screens S, and remained there for some time
after the subject had left the stand.

How this television picture was produced was not disclosed,
and must have mystified many. It was done as follows. When
the subject took his seat in front of the photographer’s
camera, he was at the same time within the field of view of
a concealed television camera. The light from the flash bulb
made a phototransistor conductive, which in turn actuated
a relay, leading successively to the erasure of the picture
already stored on a concealed magnetic wheel, and to the
recording and display of the new picture ®).

can be made to modulate a carrier wave. As we
shall see, the spectrum of the modulated carrier
then has a much smaller frequency ratio.

Frequency modulation is the most appropriate
system for the purpose %). In contrast to amplitude
modulation, it is possible in this system to suppress
modulation noise to a great extent, and moreover
the noise present is so distributed over the spectrum
as to cause much less interference in a television
picture. It will be useful to deal at greater length
with these two reasons for preferring frequency
modulation.

The output signal of a magnetic recording is
always modulated in amplitude by noise. This
modulation noise is partly due to the fact that the
distribution of the grains of the magnetic coating
Other

variations in the thickness of the coating, dust

is not perfectly uniform ?). causes are
particles between the coating and the head, and
— in the present case— imperfect roundness of the
wheel. All these imperfections, then, give rise to
undesired amplitude modulation. If the video signal
were also present as amplitude modulation on the

49 C E.
video tape recorder, J.
182-184, 1957.

5) See e.g. D. A. Snel, Magnetic sound recording, Philips
Technical Library 1959.

Anderson, The modulation system of the Ampex
Soc. Mot. Pict. Telev. Engrs. 66,
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carrier, it would not be possible to separate these
two modulations from one another. When frequency
modulation is used, however, nearly all the ampli-
tude modulation can be removed by means of a
limiter, leaving an almost purely frequency-modu-
lated signal and eliminating the above-mentioned
noise contributions.

The second advantage of frequency modulation
again relates to noise. In fig. 3a the centre fre-
quency of the frequency-modulated -carrier is
denoted by f;, whilst Af denotes a small band of
the noise spectrum about an arbitrary frequency f,.
After detection, this band comes within the video
spectrum, as shown in fig. 3b, i.e. around the video
frequency fo—f,. Now, the noise power AP, in
this band is proportional to (fo— fu)? (in contrast
to amplitude modulation, where 4P, is independent
of fo—fy). This proportionality is a favourable
circumstance, having shown that
noise in a television picture is more troublesome
the lower are the frequencies of the noise compo-
nents for the same AP, 9).

The frequency-modulation system should be
arranged such that the ratio of the highest to the
lowest frequency in the signal to be recorded is
very much smaller than in the video signal, without
the highest frequency appreciably exceeding the
highest video frequency. These requirements are
fulfilled if the instantaneous frequency of the re-
corded signal is, say, 7 Mc/s for the brightest white
in the picture, 5.5 Mc/s for black, and 5 Mc/s for

experiments

af

o

A e

—fFm

lo-

]
fo~fa — tyid
N 1611

Fig. 3. a) Of the noise spectrum of a frequency-modulated
signal, with centre frequency f,, the diagram shows a narrow
band Af about an arbitrary frequency f,. After detection, this
band appears in the video spectrum as illustrated in (b). The
noise contribution of Af is proportional to (fo—fn)?, and is
hence smaller for low video frequencies than for high.' As a
consequence, the noise in the picture is less troublesome.

%) Amongst the extensive literature on the noise nuisance in
television pictures, mention may be made of: L. Goussot,
Le brouillage des images de télévision par les signaux
parasites, Onde ¢lectr. 39, 352-361 and 690-700, 1959
(No. 386 and No. 388/389). This also quotes references to
other articles on the subject.

MAGNETIC WHEEL STORE FOR TELEVISION SIGNALS 3

the peak of the synchronizing signals (“blacker
than black™); see fig. 4.

What the frequency spectrum of a sinusoidally
frequency-modulated signal will look like depends
to a large extent, of course, on the modulation
index m, defined as the ratio of the frequency
deviation Af to the modulation frequency 7). As a’
rough approximation, let us assume that the video
signal is sinusoidal; given 5 and 7 Mec/s as the
extreme values of the instantaneous frequency the
centre frequency will then be 6 Mc/s and the
frequency deviation 1 Me/fs. If m is greater than
about 25 (i.e. in our case fy;g < 40 ke/s) the spectrum

fn

[ Vid

——f, fyiq

Fig. 4. Vid frequency range of the video signal for a television
picture with 625 lines. Fm frequency range of the signal to
be recorded, whose instantaneous frequency is 7 Mec/s in the

brightest thte, 5.5 Mc/s in the black, and 5 Me/s in the
“blacker-than-black” (peak of sync signals).

3409

will then consist mainly of numerous weak lines
within the extremes 5 and 7 Me/s (fig. 5a). For
m =3 (fvia = % Mc/s) the lines are much farther
apart, but those beyond 5 and 7 Mec/s are of little
consequence (fig. 5b). At m = 0.2, however, cor-
the highest video frequency
fvia = 5 Mgc/s, the spectrum is made up virtually
of only three lines, at 6, 6 + 5 and 6 — 5 Mc/s
(fig. 5¢), two of which are thus far outside the
5 and 7 Mc/s limits. ‘

The latter does not mean that, for recording, we
must reckon with 6 | 5 = 11 Mc/s as the highest
frequency. It is sufficient if we take the lower side-
band plus part of the upper sideband, up to about
8 Mc/s (curve Fm in fig. 4). The lower limit can

responding to

") See e.g. Th. J. Weijers, Frequency modulation, Philips tech.
Rev. 8, 42-50, 1946, in particular fig. 4.
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Fig. 5. Frequency spectra of a sinusoidally frequency-modulated signal, with centre
frequency 6 Mc/s, frequency deviation 1 Mc/s and modulation index m = 25, 3 and 0.20,

respectively.

usefully be chosen between 0.5 and 1 Mc/s. The
frequency ratio of the modulated signal is then of
the order of 10:1, instead of the ratio of 10°:1
for the video signal. Expressed in octaves, the
frequency range to be recorded is thus reduced from
17 to 3 or 4 octaves. True, the highest frequency
for recording is now 8 Mec/s instead of 5 Mc/s, but
this presents no major difficulties for recording on
a wheel store.

The quality at present achieved with the aid of
frequency modulation appears from fig. 6, which
shows a photograph of a resolution chart obtained

on a monitor via a magnetic wheel. Further im-
provements in quality may be expected in the near
future.

Mechanical features of the magnetic wheel

To keep the wheel store as small as possible, it
was decided in the design stage to record one tele-
vision frame on the periphery; one frame lasts
/., second, hence the wheel must turn at 3000
revolutions per minute.

As we have seen, the highest frequency in the
signal to be recorded is 8 Mc/s. The shortest useful

Fig. 6. Picture of a resolution chart picked up by a television camera, stored on a magnetic
wheel and displayed on a monitor. For this recording, use was made of frequency modula-
tion as in fig. 4. The raster consisted of over 300 lines.
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wavelength was taken to be 8 . It therefore follows
from vy = Af that the peripheral speed of the wheel
must be 64 m/sec. To achieve this at 3000 r.p.m.
the wheel must have a diameter of 40 cm.

One of the wheels used in numerous experiments
is shown in fig. 7. Two heads are disposed around
the rim: an erasing head and a head serving alter-
nately for writing and reading. Neither of the heads
must touch the wheel, otherwise rapid wear of the
heads and of the magnetic coating would result.
Provided the erasing current is strong enough, the
distance d between erasing-head and rim need not
be extremely small. The distance between the

MAGNETIC WHEEL STORE FOR TELEVISION SIGNALS S

The mechanical construction therefore calls for
the highest precision. As can be seen in fig. 7, the
rim of the wheel has the form of a flange, 30 mm in
width; without this the wheel would suffer too much
deformation at high speeds. The magnetic layer is
applied over the whole width of the flange, thus
providing space for numerous tracks side by side.
The wheel is mounted on a thick shaft (to with-
stand bending moments) and is machined in its
bearings (journal bearings of exceptionally high
quality) to within a tolerance of better than 1 p. ).

Since temperature variations may easily cause a
change of a few microns in the radius, the write-

Fig. 7. 1 magnetic wheel. 2 write-read head. 3 erasing head. 4 motor. 5 knob for axially
displacing the heads (the 30 mm wide rim flange can accommodate a large number of

tracks side by side).

write-read head and the rim is critical, however,
and must not exceed about 1 p. In the reading
process the following relation exists between the
attenuation a of the signal, the distance d and the

wavelength 7 8):

dB.

~ | e

For 1 =

The writing process, which is difficult to express in

8 pand d =1 p, ais as much as 7 dB.

a formula, is even more critical in this respect.

8) Seee.g. H. G. M. Spratt, Magnetic tape recording, Heywood,
London 1958, p. 84.

read head cannot be rigidly mounted in a fixed
position, otherwise, with a change in temperature,
it would either touch the wheel or be too far away
from it. In the construction chosen the head is
arranged to ride on an air cushion when the wheel
is turning at the right speed. The head 2 ( fig. 8)
is attached to an arm 6 which pivots about the
point 7. The air dragged round with the wheel
pushes the head outwards against the pressure of
a spring 8, thus ensuring that a certain distance is
maintained between the head and the turning wheel.

?) This precision work was done very skilfully by L. M.
Leblans of this laboratory.
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YASLL L 2L LL,

/

1593

Fig. 8. Illustrating the method of maintaining a constant
distance of about 1 p between the magnetic wheel 1 and the
writing-reading head 2. 6 arm with pivot 7. 8 compression
spring. 9 vane, with arm 10 and pivot 11. When the wheel is
stationary the coil spring 12 forces the vane against the
stop 13; the arm 10 then prevents the spring 8 from pressing
the head against the wheel. When the wheel is turning at
full speed the air stream around the wheel pushes the vane 9
outwards (to position of dashed line) against the action of
the coil spring 12; arm 10 then releases arm 6, and spring 8
pushes the head towards the wheel. The air film dragged
round by the wheel forms an air cushion on which the head
rides at a constant distance of about 1y from the wheel.
14 oil damping.

An optical test, made by passing light through the
gap, demonstrated with a high degree of probability
that the distance d remains roughly 1 p. Oil damp-
ing 14 protects the head B

from vibrations, without 4 5
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arm 10, pivoting about point 11 (see fig. 8). If the
wheel stops or turns too slowly, a coil spring 12
holds the vane 9 against a stop 13, and the arm 10
prevents arm 6 from moving the head into contact
with the wheel. When the wheel comes up to full
speed, the dragged air current pushes the vane 9
back and arm 10 releases arm 6 (dashed line in
figure), thus restoring the above-mentioned equi-
librium between the force exerted on the head 2
by spring 8 and that exerted by. the air current.

Circuit for writing and reading a single frame

To write a single frame on the wheel, the writing.
head must be supplied with the frequency-modu-
lated television signal for the duration of one frame
(Y50 sec). This calls for a circuit that will keep
the recording amplifier preceding the write-read
head normally blocked but will unblock it during
the first frame to begin after the depression of a
push-button,

The block diagram of this arrangement is shown
in fig. 9. A, is the recording-head amplifier. F; and
F, are flip-flops, each with two stable states, I and
II. Both receive at their inputs, I, a continuous
train of (positive) frame-synchronizing pulses —sync
pulses — which are separated in the usual way from
the video signal in the circuit S. These sync pulses,
represented in fig. 10a, keep the two flip-flops in
state I, whilst F, delivers a biasing voltage which
blocks the amplifier 4,. When the button B is
depressed the discharge of capacitor C causes a
pulse (fig. 10b) to appear at the input 2 of F;; this
pulse brings F, into state II. The first sync pulse
now to arrive returns F, to state I (fig. 10¢) which,
via the coupling between F, and input 2 of F,, has

preventing it from follow-

:_].:C é _07/'-/
— 1

e

ing slow changes due to

temperature variations.

Special measures
needed to prevent the
spring 8 from pressing
the head against the wheel

are

when the wheel is sta-
tionary, not turning fast

enough or slowing down
to a standstill 19). For this
purpose, use is made of
a vane 9 connected to an

Fig. 9. Block diagram of the circuit for writing and reading a single frame. Vid video-
signal input. A4, video amplifier. Mod modulator, in which the video signal modulates

a carrier wave in frequency. 4, recording amplifier. Re write-read relay. K, write-read

10) The solution found for this
problem was devised by J.
F. van Oort of the Philips
Exhibition Department.

head. W wheel store. S circuit which separates picture-synchronizing signals — “sync
pulses’” — from video signal. F, and F, bistable flip-flops, with inputs I and 2. B push-
button, which, by discharging capacitor C, produces the “display” pulse. 45 read amplifier.
Lim limiter. Dem demodulator (frequency detector). 4, video amplifier. Mon monitor.
K, erasing head. G erasing-current generator.
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the effect of causing F, to change from I to II
(fig. 10d); the next sync pulse to arrive returns F,
to state I. During exactly one frame, then, F, is in
state II, and the recording amplifier is opened. This
singlé frame, the first to follow the depression of
the button, is therefore recorded on the wheel.
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Tig. 10. a) Pulse train at the inputs I of flip-flops F,; and F,in
fig. 9. b) “Display” pulse at input 2 of F, produced when but-
ton B is depressed. ¢) During the interval t5-t,, F, is in state IT.
d) During the interval t;-t, (= duration of one frame) F, is
in state I1. The recording amplifier 4, (fig. 9) is then unblocked
and the picture is recorded on the wheel.

Synchronizing the wheel with the video signal

An important application of the magnetic wheel
store is that in which the recorded picture originates
from a television camera at the same location. This
is the case in the radiological application presently
to be discussed. The frame frequency of the camera
and the monitor, and the speed of revolution of the
wheel, can then be governed by the frequency of
the local electricity mains. As far as the wheel is
concerned, this amounts to the use of a synchronous
motor.

Cases also arise, how-
ever, where the frame fre-
quency of the television
picture to be recorded is
not exactly equal to that
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Eddy-current coupling
Fig. 11 shows two cross-sections of the eddy-

current coupling, which consists of the following

components:

a) a flanged aluminium pulley I, at the rim of
which is fitted a hollow steel cylinder 2 with
copper lining 3; :

b) a sectored rotor 4, keyed to the shaft 5 that
drives the magnetic wheel;

¢) a steel housing 6 containing a field coil 7.

In relation to the pulley I and the housing 6, the

- shaft 5 can rotate freely in ball-bearings. The pulley

is motor-driven by means of a belt; the housing and
the field coil are stationary. A variable direct current
is passed through the field coil. This excitation
current produces a magnetic flux through the com-
ponents 6, 4 and 2, which concentrates in the sectors
of 4. When the cylinder 2 rotates and the rotor 4 is
still stationary, eddy-currents are induced in the
copper lining 3. As a result, a torque is exerted on
the rotor, causing the rotor — and hence the magne-
tic wheel — to rotate in the same sense as the pulley,
but with a smaller angular velocity. When the
angular-velocity difference w; — w, is small, the
torque is proportional to w, — w, ( fig. 12); for large
differences in angular velocity, a phase shift exists
between the pulsating magnetic field produced by
the sectors and the induced eddy currents, causing
the curve to bend over and a maximum to appear.
When the wheel is started up, w, is initially zero,
hence w; — w, = w,; if the maximum lies approxi-
mately at this value, the starting torque is high
and the wheel quickly reaches full speed.

of the local mains. Steps
must then be taken to
synchronize the wheel
with

7.
S

N\

frequency. The system
which we have devised

the given frame G ":' §_\\‘Q&‘Q{{{{\‘§\\
] . | 5

for this purpose consists

.‘_ ............ té |

of a flexible eddy-current

coupling between the

(non-synchronous) motor

and the wheel, in com-
bination with an electrical
control system for gov-
erning the speed of
revolution of the wheel.

I

- 1596

Fig. 11. Eddy-current coupling. @) axial cross-section, b) transverse section through 4-4
in (e). 1 flanged aluminium pulley with steel cylinder 2 and copper lining 3. 4 sectored
rotor, keyed to shaft 5 which, via a flexible coupling, drives the shaft (not shown) of the
magnetic wheel. 6 steel housing. 7 field coil. 8 driving belt.
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The control system

Synchronism between the speed of revolution of

the wheel and the frame frequency of .the video"

signal is obtained by causing any deviation from
synchronism to react on the excitation current of
the coupling. This is done by comparing the phase
of two pulse trains: the sync pulses and wheel pulses.

Iz

ES

I

I

0

—> W —Wy 597

Fig. 12. Torque M, transmitted by eddy-current coupling, as
a function of the angular-velocity difference w,—w, between
the pulley I and the shaft 5 (in fig. 11), for three values of
exciting current (I;>I,>I,).

As mentioned above, the sync pulses are derived
from the video signal; the wheel pulses are induced
in an appropriate pick-up head by a small magnet
of ferroxdure fixed to the wheel. Any phase differ-
ence arising between the two pulse trains changes the
excitation current, via a special circuit, in such a
way as to make the phase difference smaller.

The circuit diagram of the control system is
shown in fig. 13. The triodes T, and T, form part
of a bistable flip-flop with a common cathode
resistor R,. The grid of the cathode follower T,
is coupled to the anode of T,. When the flip-flop

VOLUME 22

is in state I (T, conducting, T, cut-off) the
anode potential of T, is high and so too, there-
fore, is the grid potential of T, with respect to

‘earth; T'; therefore passes current, and thus the

potential v} across the cathode resistor R, is high
(vk = V). In state 2, on the other hand, vy is low
(= V, < V;). When the potential v, across C;
drops below a certain critical value ¥ ,, the flip-flop
changes from state I to state 2. For the change
from 2 to 1, vg; must exceed another critical value,
Vs The levels of V,, and V,, in relation to V;
and ¥, are indicated in fig. 14.

Roughly, the circuit functions as follows. When
synchronism is approximately achieved the flip-flop
is brought into state I by every (positive) wheel
pulse, and into state 2 by every (negative) sync
pulse. The potential vy of the cathode K is thus

W

—————————————————————— Vo,
Vz _____________________ VI,Z
0
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Fig. 14. V, potential of point K (fig. 13) in stable state I;
V, idem in state 2. V., value which v¢, must reach to cause
state I to change to state 2; V,, idem for transition from 2 to 1.

alternately high and low, remaining longer high the
longer state I lasts, i.e. the more time it takes before
a wheel pulse follows a sync pulse.

The high voltage 7, of K appears each time

4_

ﬂf.m,»l T _::.\_Tz%_% “75
-

+ +
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capacitor discharges grad-
ually through the resistor
R,.Thelonger the interval
7 between a sync pulse
and a wheel pulse, the
lower is the final value
to which the voltage vc,
across C, decreases. This
final value is taken over

across the capacitor G,
M
Rs

via the diode D;. This
Ca

A Ts

D,

via an “overflow diode”
D, by capacitor C; and

L

Fig. 13. Circuit diagram of control system. I input for (positive) wheel pulses. IT input
for (negative) sync pulses. M field coil of eddy-current coupling (7 in fig. 11). If the
wheel turns too slowly, the circuit energizes the electromagnet more strongly, and if the
wheel turns too fast, less strongly. For explanation, see text.

determines the current
that flows through the
triode T,. Between each
two decreases in v(, the
voltage vy across Cj is

1598
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able to rise again slightly as C, is charged up
via R;.

Let us assume that the wheel is turning a little
too slowly. The interval 7 will then show a tendency
to increase. The potential vcg therefore drops, the
current through T, decreases, and, since T, and T
have a common cathode resistor, the decrease in the
the current through T, causes an increase in the
current through-T;. The latter current energizes the
electromagnet in the eddy-current coupling. In the
case under consideration, then, the excitation current
rises and so, too, does the torque exerted on the
rotor, causing the wheel to turn faster. Conversely,
if the wheel starts to turn too fast, the excitation
current is reduced, resulting in a drop in speed.

" The capacitor C,; between the anode of T, and
the grid of T influences the frequency response of
‘the system in such a way as to prevent instability
occurring.

A difficulty in phase control systems is often the
starting-up process, when the phase relation between
the two pulse trains is completely irregular. The
usual practice is to switch-off the control system
before starting-up, and to work with maximum
torque until an electrical tachometer shows that
the right speed has been reached; only then is the
control system put into operation. This precaution
is unnecessary with the arrangement in fig. 13; the
control system can be switched on right from the
beginning and will always ensure that synchronism
is reached.

Each pulse from the wheel causes the voltage v, to jump
by V; — V,, and each sync pulse causes an equal downward
drop. When the wheel is started up, the wheel pulses occur
at first much more slowly than the sync pulses. The waveform
of v¢, is then as shown in fig. 15a. The flip-flop is in state 2
(T cut-off, T, conducting) and remains for a while in that
state, because v¢; cannot reach the critical value ¥V, as long
as the wheel is turning much too slowly. In this state, v
v¢p and ve; have the low value ¥, which corresponds to strong
excitation of the eddy-current coupling.

When the wheel approaches the correct speed of revolution
the flip-flop will change its state now and then, but only when
a wheel pulse is followed very quickly by a sync pulse, as in
the intervals ¢;-t, and ¢3-t, in fig. 15b. During these intervals
state I predominates, and vk and vc, have the high value 7,
‘When vy jumps back to the low value V,, capacitor C, begins
to discharge through R; and therefore v¢, starts gradually to
drop. In the case shown in fig. 15b, v, again reaches the
value V,, so that vg; — which follows the lowest values of
vey — still retains the value 7, and thus the eddy-current
coupling remains strongly energized.

The wheel now begins to turn rather too fast. Consequently
the wheel pulses become somewhat more frequent than the

- sync pulses (fig. 15¢) and a state is soon reached where vc,
and vk jump continuously to and fro between the values ¥V
and V,. The voltage vc, continually jumps up again before
it can drop to V,, and vc, follows the successively somewhat
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Fig. 15. Waveform of voltages vcy, vk, vc, and vey in the control
circuit (fig. 13). The arrows | denote sync pulses, arrows 4
wheel pulses.

a) The wheel has just been started and is turning much too
slowly. The wheel pulses are consequently much less frequent
than the sync pulses. v¢; does not attain the critical value 7, ;.
The flip-flop T-T, therefore remains in state 2; vk, ve, and ve,
are constant (= ¥,), and the eddy-current coupling is strongly
energized.

b) The wheel still turns rather too slowly. Att = t,, v¢, reaches
the critical value ¥,;, so that T,-T', changes to state 1, but
the sync pulse at t, restores state 2. The same happens at
ty-ty. From t, to t, and from ¢; to ¢y, vk = ¥, and ve, = V7,
but vc; remains unchanged, and the coupling stays strongly
energized.

¢) The ‘wheel begins to turn rather too fast, and locks back
into synchronism. ve; and vk jump to and fro between ¥, and
Vs vop no longer drops to the level Vy; vey gradually rises
and the coupling becomes less strongly energized, until the
steady state is reached at synchronism.




10 PHILIPS TECHNICAL REVIEW

higher minima of vc,. (The charge needed to effect this in-

crease in vcy is supplied to C; through R;.) As vey rises it in-
creases the current through 7T, and decreases the current

through 7. The eddy-current coupling is therefore less

strongly energized, the wheel turns more slowly and enters
into synchronism.

Another virtue of the system is its relative insensitivity to
changes in the frequency of the sync pulses; this is a con-
sequence of the fact that a speed measurement (with an
electrical tachometer) is not necessary.

Application in radiology

In the system described, as in all other magnetic
recording systems, the recording can be preserved
indefinitely or it can be erased; after erasure the
magnetic layer can be immediately used again for
a fresh recording. Since there is no contact between
head and wheel, the recording can be reproduced
as often as required. As we have seen, the picture
quality is highly satisfactory when use is made of
frequency modulation.

These features have led to a promising application
fo the magnetic wheel store in radiology ). A
picture of the image on an X-ray screen is taken
with a television camera and one frame of the
picture is recorded on the magnetic wheel. The

X-ray image can then be displayed immediately

11) Th. G. Schut and W. J. Oosterkamp, The application of
electronic memories in radiology, Medicamundi 5, 85-88,
1959 (No. 3/4); Th. G. Schut and W. J. Oosterkamp, Die
Anwendung elektronischer Gedichtnisse in der Radiologie,

Elektron. Rdsch. 14, 19-20, 1960 (No. 1).
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Fig. 16. Equipment for
demonstrating the radio-
logical application of the
magnetic wheel store (as
yet without frequency
modulation). From right
to left, below: X-ray tube,
subject (a skull), X-ray
imageintensifier,television
camera, auxiliary appara-
tus for television system;
above: amplifying appara-
tus for recording and
reproduction,  magnetic
wheel, monitor.

on a monitor tube and viewed by the doctor as long
and as often as necessary. In this way no time is
lost in developing an X-ray film, and precious
minutes can be saved during a surgical operation.
The X-ray dose required is extremely low — very
much lower than in a fluoroscopic examination of
a few seconds, and, if an X-ray image intensifier
is used, even lower than that needed for a radio-
graph. A further important advantage is that an
unsatisfactory exposure can immediately be retaken.

Fig. 16 shows a photograph of the equipment
used to demonstrate this application (as yet without
frequency modulation) at the International Radio-
logical Congress at Munich.

Summary. A magnetic wheel store is described on which a
single television frame can be recorded. The picture quality
obtained by direct recording of the video signal is quite
serviceable for some purposes, in spite of the wide frequency
range (50 ¢/s to 5 Mc/s). Considerable improvement results
if the video signal is made to frequency-modulate a carrier
and this latter recorded. The signal then recorded can have
e.g. a frequency of 7 Mc/s in the white, 5.5 Mc/s in the black,
and 5 Mc/s at the peaks of the sync signals, giving a frequency
range from about 0.5 Me/s to 8 Me/s. In one experimental
version the minimum wavelength impressed on the wheel is
8 1 at 8 Mc/s, the peripheral speed is 64 m/sec, the speed of
revolution is 3000 r.p.m. and the wheel has a diameter of
40 c¢m. The rim of the wheel is 30 mm wide and can accom-
modate numerous tracks side by side. A device is described
in which the air film dragged round with the wheel keeps the
write-read head at a distance of about 1 p from the magnetic
coating of the wheel, without any contact. Also discussed are
a circuit for writing and reading a single frame and a system
of synchronizing the wheel with the video signal. Finally,
mention is made of a promising application in radiology;
advantages over photography are that it dispenses with the
need for developing X-ray films, minimizes the X-ray dose
and allows the immediate retake of unsatisfactory exposures.




1960/61, No. 1

11

RESONANCE ISOLATORS FOR MILLIMETRE WAVES

by H. G. BELJERS.

In microwave equipment frequent use is made
nowadays of mnon-reciprocal devices. Principal
among these is the directional isolator, a device
that passes waves in the one direction without
significantly attenuating them, and attenuates
them very strongly in the other 1).

The so-called resonance isolator makes use of the
presence in a rectangular waveguide of a rotating
magnetic field at certain places. If a suitable mag-
netic material is fixed at these places, gyromagnetic
resonance occurs in the one direction of propagation
and not in the other. Since gyromagnetic resonance
— often referred to briefly as magnetic resonance —
is attended by losses, the waves propagated in the
first-mentioned direction are strongly attenuated.
By using material free or almost free of other kinds
of losses, it is possible in this way to make a direc-
tional isolator. The millimetre-band types discussed
in this article are all resonance isolators.

The operation of other kinds of directional isolator
depends on the Faraday effect or on so-called field-
displacement. These can also be employed in the
millimetre bands. Those based on the Faraday effect
involve a round section of waveguide and it is
necessary to fit transition sections if they are to be
incorporated in a system using rectangular wave-
guides.

Gyromagnetic resonance occurs when a static
magnetic field is applied perpendicular both to the
direction of propagation and to the magnetic field
of the microwaves. The required field H is roughly
proportional to the frequency f of the microwaves.
Expressing H in A/m and fin Mc/s, we can write:

H ~ /0.035. )

The exact value of H is also governed by the
demagnetization, in other words by the shape of
the piece of material. This appears from Kittel’s
formula:

f=0.035 VH + M(Nyx— Ny) X
VH + M(N,— Ny),

e

where M is the saturation magnetization and Ny,
Ny and N, are the demagnetizing factors. (The
direction of propagation is the z direction, and the

1) H. G. Beljers, The application of ferroxcube in uni-
directional waveguides and its bearing on the principle of
reciprocity, Philips tech. Rev. 18, 158-166, 1956/57.

621.372.852.223:621.318.134

magnetic field is parallel to the y direction.) As
can be seen, formula (2) is equivalent to (1) if
Ny = Ny = N, that is if the magnetic material is
spherical in shape.

A further consequence of demagnetization is that,

.to achieve minimum damping in the forward

direction, the microwave magnetic field should as
a rule be elliptically and not, as might be thought
at first sight, circularly polarized. We shall return
to this point presently.

From formula (1) we may deduce that to make
resonance isolators for wavelengths in the 8.6 and
4.3 mm bands (frequencies of 35 Gefs and 70 Ge/s),
now coming increasingly into use, we should need
magnetic fields of about 10% A/m (12500 oersteds)
and 2X10% A/m (25000 oersteds) respectively. The
properties of the materials at present available for
permanent magnets do not, however, allow of
generating fields as high as 2X10° A/m, and
although a field of 10® A/m is possible, it entails an
unmanageably large and heavy magnet.

Nevertheless, a much weaker external field may
be used, or it may be dispensed with altogether,
if the resonance is produced in a hard magnetic
material like a crystal-oriented anisotropic ferrite,
that is a ferrite in which the preferred directions of
magnetization of the crystallites are aligned parallel
to each other. The anisotropic ferrites used in this
case all possess hexagonal crystal structure, with
the c-axis as the preferred direction of magnetiza-
tion. The electron spins take up their preferred
alignment parallel to this axis. It costs a great deal
more energy to magnetize such material in a direc-
tion other than that of the hexagonal axis. The
stiffness with which the spin orientation is bound
to this preferred direction is expressed in terms of
the magnetic field — the anisotropy field — that
would have to be applied to an isotropic material
in order to bind the spins with the same stiffness
to the direction of that field. It follows from this
definition that the field H, which, according to
eq. (1), gives rise to magnetic resonance at a certain
frequency, is simply equal to the sum of the aniso-
tropy field H, and the external field H,,.

Plainly, then, the external field can be dispensed
with entirely if H, has exactly the required value.
Although this is attractive from the design point of
view, it is not without its disadvantages. In the
first place, if there is no external field the material
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is not always completely saturated, that is a greater
number of Weiss domains have a “wrong” orien-
tation, and as a result the damping of the micro-
waves in the forward direction is increased, which
is obviously undesirable. In the second place, unless
pi'ecautions are taken, the operation of such an
isolator can be ruined by an interfering external
magnetic field, which reduces the magnetization or
may even cause it to disappear altogether if the
interfering field is stronger than the coercivity of
the material (approximately 2X10* A/m for the
materials at present in use).

o~

a
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the magnitude of the anisotropy field is thus, within -
certain limits, controllable, it is p}oposed to
designate this type of material by the collective
name controlled uniaxial anisotropy ferrites, abbre-
viated to c.u.a.f. The resistivity of the two materials
is very high (> 107 Qcm); the dielectric losses
are negligible. ‘ ‘

It should be noted that the permissible power
transmission of resonance isolators is limited by the
temperature increase caused by the energy absorbed
in the ferrite. If the temperature exceeds a certain
value, the damping in the inverse direction begins

Hu

/
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Fig. 1. Schematic representation of microwave resonance isolators in which the damping
is produced by gyromagnetic resonance in a ferrite.

a) Actual arrangement

b) Extreme case, with thin ferrite sliver parallel to the plane of the electric lines of force

(E plane).

¢) Other extreme, with ferrite parallel to plane of magnetic lines of force (H plane).
In all three fizures Hy is the external magnetic field, and the arrow at the right
indicates the forward direction of propagation through the waveguide.

In this article we shall describe isolators with
and without an external field.

A most suitable material in resonance isolators
for wavelengths in the 8.6 mm region (the Q band)
is topotactically oriented material 2) of composition
Ba(Zng 3sMngsTig 5)(Feg.05Mngl0s)11010.  This  has
an anisotropy field of more than 85X10%* A/m,
which means that the external field need not exceed
about 18X 10? A/m. For wavelengths in the region
of 4.3 mm (the V band) a material having a much
higher anisotropy field is needed. Ferrites of this
kind have recently been developed in the Philips
Irvington Laboratory 3), and one of them, which
has an anisotropy field of about 188X 10* A/m,
is eminently suited for use in a resonance isolator
for 4 mm waves. .

The anisotropy field is given the value required
for a particular application by substituting other
atoms for a certain fraction of the Fe atoms in the
base material — a barium-ferrite for the 8 mm band
and a strontium-ferrite for the 4 mm band. Because
2)_SEFK. Lotgering, Topotactically crystal-oriented ferro-

magnetics, Philips tech. Rev. 20, 354-356, 1958/59.

3) F. K. du Pré, D. J. de Bitetto and F. G. Brockman,

Magnetic materials for use at high microwave frequencies
(50-90 Ge/s), J. appl. Phys. 29, 1127-1128, 1958.

to drop appreciably. In the isolators for 8 mm waves
the energy dissipated should not exceed an average
of 1 W.

Isolators with weak external magnetic field

The construction of resonance isolators operating
with an external field is illustrated schematically in
fig. la. Fitted at a suitable place, side by side, on
the broad wall of a rectangular waveguide are a
square bar of c.u.a.f. material and a fused quartz
strip. This form and the location of the ferrite, lie
between two extreme cases where a very thin ferrite
sliver is located either in a plane parallel to the
electric lines of force (see fig. 2) or in a plane parallel
to the magnetic lines of force (fig. 15 and c). In the
first of these extreme cases the field in the waveguide
is considerably distorted owing to the presence of
the ferrite sliver, and measures are needed to mini-
mize the resultant reflection. This is often done by
making the ferrite sliver trapezium-shaped. Further-
more, the ratio of the attenuations (measured in
decibels) undergone by the waves in the forward
and inverse directions — this ratio may be regarded
as a kind of figure of merit — is usually not so
favourable.as in an isolator in which the ferrite sliver
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Fig. 2. In the TE,; mode of vibration of a rectangular wave-
guide the electric lines of force (FE) are perpendicular to
the broad side faces and the magnetic lines of force (H)
are parallel to these faces.

is parallel to the magnetic lines of force. Isolators
of the latter type, however (fig. 1¢), demand a some-
what stronger magnetic field — which is disadvanta-
geous only when a soft ferrite is used — and the
width of the sliver, that determines the maximum
attenuation that can be achieved per unit length %),
is rather limited.

1477

Fig. 3. Isolator for 8.6 mm waveband, using controlled
uniaxial anisotropy ferrite material (anisotropy field 85 < 10*
A/m) and a weak external magnetic field (18 x 10* A/m).

This field is generated by a permanent magnet consisting of

two blocks of ferroxdure in an iron yoke.

%) The fact that a stronger magnetic field is needed may be
deduced directly from formula (2). In the case of the
H plane strip we have Ny &~ 1 and Ny ~ N, ~ 0, whereas
for the E plane: Ny~ 1 and Ny~ N, ~ 0.
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The intermediate form which we have chosen, and
which has proved entirely satisfactory in practice,
does not require oblique shaping of the ferrite.
Because of the fairly considerable thickness of the
ferrite bar, the attenuation per cm length is high.
So, too, is the ratio of the attenuations in the
This favourable

property is partly due to the presence of the silica

forward and inverse directions.
strip. Since much of the microwave energy traverses
the waveguide via and close to the silica strip
(dielectric constant A

the

stantially greater than in an isolator without

4, dielectric losses minimal),

attenuation in the inverse direction is sub-
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Fig. 4. Transmission characteristics (attenuation A4 versus

frequency f) of the resonance isolator with external magnetic
field, for the 8.6 mm wave band. The scale values on the left
relate to the curve for the inverse direction (solid line), those
on the right to the curve for the forward direction (broken
line). The maximum ratio between the attenuations (in
decibels) occurring in the two directions is approximately 30,
and is obtained at a frequency of about 34.3 Ge/s (4 — 8.7 mm).

but the attenuation in the forward

direction is not. The explanation of these effects is

dielectric,

complicated and not yet wholly clear.

In the isolator for the 8-9 mm wave band ?)
(fig. 3) two bars of c.u.a.f. material, having an
anisotropy field of 85 10* A/m, are mounted end
to end. Their dimensions are 12 % 0.80 % 0.40 mm
and 12 > 0.60 > 0.36 mm. The slight difference in
their widths makes it possible to obtain a broader
characteristic ( fig. 4), inasmuch as the resonance

5) See also H. G. Beljers, Ferrite isolators in the 8-9 mm
waveband, Commun. Congrés int. Circuits et Antennes
Hyperfréquences, Paris 21-26 Oct. 1957, Part II (Suppl.
Onde électrique 38, No. 376 ter), pp. 647-648, 1958.
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frequencies differ somewhat for the two bars owing
to the slight disparity between their demagnetizing
factors. The external magnetic field is roughly
1810* A/m. It is provided by a permanent magnet
consisting of two blocks of ferroxdure held in an
iron yoke. An air gap, which can be bridged by a
shunt allows fine adjustment of the external field
strength; the latter is so adjusted that, together

Fig. 5. Resonance isolator for 4.3 mm waves. Anisotropy field
of magnetic material approx. 188x10" A/m. External
magnetic field approx. 16 10* A/m. The movable shunt on
the front serves for adjusting the external field to the exact
value required.

with the anisotropy field, it yields exactly the value
required to produce gyromagnetic resonance at
35 Gefs.

The resonance isolator for the 4-5 mm waveband
(fig. 5) uses bars of c.u.a.f. material which are half
as large as in the 8.6 mm isolator and have an
anisotropy field of 188 < 10* A/m.

Resonance isolator without an external magnetic

field

The construction of the isolator about to be

described, which operates without an external
field, differs considerably from that of the other.
This isolator uses two c.u.a.f. ferrite strips one on
each side of a thin sliver of dielectric material (in
this case aluminium oxide with a dielectric constant
¢ of 9). The two ferrite strips, which, like the di-
electric, take up the whole height of the waveguide,

are magnetized in opposite directions. Together with

VOLUME 22

X

Fig. 6. Schematic representation of a resonance isolator for
8.6 mm waves, which needs no external field. Two thin ferrite
strips (2.0 % 3.5 % 0.15 mm; anisotropy field 85x10* A/m)
are fixed to the sides of a plate of aluminium oxide (thickness
1.1 mm) mounted centrally in the waveguide. The ends of the
plate are cut obliquely to avoid reflections. The visible ferrite
strip is magnetized in the direction of the arrow, the other in
the opposite direction. The forward direction is that of the
positive z axis.

the walls of the waveguide, which are of iron to

give magnetic sereening

g, they form a closed mag-

netic circuit, that is to say there is no demagneti-
zation. The plate with strips is mounted centrally
in the waveguide ( figs. 6 and 7).

Here, too, a large part of the microwave energy
passes through and near the dielectric. Calculations
show that the effect of the side walls of the wave-
guide is of secondary significance, and further that
the magnetic field of the microwaves in the side
faces of the dielectric plate is elliptically polarized.
The ellipticity (by which is meant the ratio H. /H,,

Fig. 7. Resonance isolator for 8.6 mm waves, with no external
field, as schematically illustrated in fig. 6. In front of it can
be seen the aluminium-oxide plate with ferrite strips, used in
isolators of this type.
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cf. fig. 6) decreases asymptotically with increasing
plate thickness to the value ¢/(¢é—1), that is in
our case to about 1.06. As mentioned earlier, to
obtain minimum damping in the forward direction,
elliptical polarization is precisely what is wanted.
Calculation shows that the ellipticity of the rotating
field must have the value

y

For very thin ferrite strips this expression approxi-
mates to

H, + M(Nx— Ny)
H, + M(N,— N~

V(Hy + M)/H,,

which in our case comes to about 1.12.

From the above we may infer that the thickness
of the aluminium-oxide plate is here of great
importance, and also that it is possible to choose
this thickness such that the imposed requirements
are fulfilled. Owing to the symmetrical arrangement
of the whole assembly it is obviously not possible,
as it was in the other two isolators discussed, to
choose the dimensions of the materials more or less
. freely and then to minimize the damping in the
forward direction by determining the most favour-
able position in the waveguide for the plate with
the ferrite strips.

The best result is obtained when the dielectric
and ferrite are given the dimensions indicated in
the caption to fig. 6, which are in good agreement
with the calculated values. To avoid reflections the
plate is again cut obliquely at the ends. The same
ferrite material can be used as in the isolator
operating with an external field, the correct reson-
ance frequency being obtained because of the
entirely different shape of the ferrite strips. Fig. 8
shows the characteristic of one of the first isolators
of this type made during the development stage.

The follwing calculation will serve to demonstrate the fact
that, in this isolator with no external field, the required
resonance frequency is nevertheless obtained with the same
cau.a.f. material. For very thin ferrite samples Ny and N,
are negligible and Nx ~ 1, so that formula (2) can be written:

f=0.035 V(H + MH .

RESONANCE ISOLATORS FOR MILLIMETRE WAVES

15
30dB,
A V_O\
" / N
/ /
____________________ ————0ea
LT T
34 35 36 37Gcls
— > 3412

Fig. 8. Transmission characteristics of the resonance isolator
without external field. The attenuation ratio here reaches a
maximum of 12.

For a material with M = 28X10* A/m (3500 gauss) and -

for a resonance frequency of 35 Gefs, we obtain an H value
of 86x10* A/m. This is more¢ or less the strength of the
anisotropy field. For the isolator with“external field, where
Ny & 4[5, Ny~ Yy and Nz 0, we have:

f=0.035 [ (Fa+ Hu+ "15M) (Ha+ Hu— Y:M), 4)

which, with Hy = 18X 10* A/m, yields an H, value of more
than 82 X 10! Afm. (The fact that Ny isYhere %/, and not
%3, as might be expected, is due to the fact that the image
of the ferrite in the wall must be taken into account.) In view
of the effect of the dielectric on the resonance frequency, the
agreement may be described as reasonably good.

Summary. The gyromagnetic resonance effect, which occurs
in magnetic materialsin the presence of a suitable magnetic
field, can be utilized for making nonreciprocal microwave
transmission devices, such as directional isolators. In the
millimetre wave bands the magnetic field strength required
is extremely high (10° A/m for 8 mm waves and 2Xx 108
A/m for 4 mm waves) and could not normally be gener-
ated with a permanent magnet of manageable proportions.
Crystal-oriented anisotropic ferrites have now been developed,
however, which possess in one direction a very high anisotropy
field, and since the strength of this field can be deducted from
the total magnetic field required, it is possible to use these
materials for constructing isolators that need only a weak
external field or none at all. The article describes resonance
isolators of this type for wavelengths in the region of 8.6 mm
and 4.3 mm (35 and 70 Ge/s, respectively).
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APPLICATIONS OF MICROWAVE TRIODES

by J. P. M. GIELES.

621.385.3.029.6

In recent years various disc-seal triodes have been developed at Philips which are capable

of operating at wavelengths of 7.5 ¢cm, 5 cm and less. The article below discusses a number

of applications of these triodes that have already been realized, and others that are still in the

development stage. Most of the applications are in microwave radio links for telephony and

television.

Microwave triodes possess several attractive
features. In addition to favourable phase charac-
teristics, long life and easy replacement, they are
easy to construct Comparv(l with other microwave
tubes, they require no very high voltages and they
can give a high Gx B product, i.e. a considerable
gain G even when the bandwidth B is large.
Another triodes over

advantage of microwave

Table 1.

other tubes used in the centimetre wavebands is
their flexibility: triodes are relatively simple circuit
elements and their simplicity makes them suitable
for many and various functions. In complicated
equipment containing many tubes, such as relay
stations in microwave radio links, it is important

the

number of tube types to a minimum. It is therefore

for technical and economic reasons to limit

Summary of data on microwave triodes manufactured or in development at Philips. The last two tubes are designed

for a frequency of 6000 Mc/s, the others for 4000 Mc/s. For various purposes, however, the tubes can be operated up to frequencies

about a factor of 2 higher.

SR

i
’ l 1793 798
EC 59 0Z 92 19 AL 22 E( > em, 10 W
Literature references BN AT RLE) ®) 12) )12y 2)
10)11y12)
Cathode diameter (mm) 3.2 4.5 4.5 4.5 4 3l 4.5
Cathode-grid spacing (1) 40 60 60 40 40 25 40
Grid-anode spacing (p) | 240 300 300 300 240 300 500
Grid-wire diameter (1) 7.5 30 30 15 12 T.5 15
Grid pitch () 50 130 130 90 75 40 90
Anode voltage (V) 180 500 500 220 180 300 600
Anode current (mA) 60 250 250 200 140 60 300
Current density (A/em?) 0.8 1.6 1.6 13 1.2 0.8 1.9
Transconductance (mA/V) 19 20 20 30 25 27 20
Low-level gain at
100 Me¢/s bandwidth
(3 dB below peak) (dB) 13 10 10 12 12 10 10
Output power at
8 dB gain (W) 1.5 12 12 6 5 1.2 —
AM-PM conversion at
8 dB gain ("/dB) —0.8 —1.2 —1.2 -1.0 - — —
Cooling air *) water water or air air air *) air water

*) An amplifier is in course of development in which cooling is effected by natural convection and radiation.
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not surprising that the triode really comes into its

own in such equipment, and has already found wide

application in various installations built by Philips.
Table I gives a survey of the microwave triodes

developed in recent years at Philips, or still in

course of development. In this article we shall

discuss in turn their apphcatlon as:

amplifiers,

frequency multipliers,

oscillators,

mixers,

limiters,

amplitude modulators,

frequency modulators, and

high-level detectors.

Most applications have been studied on the EC 157.

It is to be expected that the other types of micro-

wave triode will behave similarly in equivalent

‘circuits.

Amplification

Microwave triodes used for amplification purposes
can be classified, according to signal level, as pre-
amplifiers or as power amplifiers. Articles have
appeared in this journal on the EC 157 and the
5 cm, 1 W tube as pre-amplifiers, and on the EC 59
and OZ 92 triodes as power amplifiers. For parti-
culars, see the articles referred to in Table I. It
should be noted that, in view of the high GX B
product, the gain can be raised far beyond the
tabulated values by reducing the bandwidth. For

1) G. Diemer, K. Rodenhuis and J. G. van Wl_]nganrden The
EC 57, a disc-seal microwave triode with L cathode,
Phlllps tech. Rev. 18, 317-324, 1956/57. The EC 157 differs
from the older type, EC 57, in having a cathode of longer
life.

%) J. P. M. Gieles, A 4000 Mc/s wide-band amplifier using a
disc-seal triode, Philips tech. Rev. 19, 145-156, 1957/58.

%) V. V. Schwab and J. G. van Wl]ngaarden, The EC 59, a
transmitting triode with 10 W output at 4000 Me/s, Philips
tech. Rev. 20, 225-233, 1958/59.

49 J.P. M. Gicles and G. Andrieux, A wide-band triode
amplifier with an output of 10 W at 4000 Mc/s, Philips
tech. Rev. 21, 41-46, 1959/60 (No. 2).

5) E. Mentzel and H. Stletzel A metallic-ceramic disc-seal
triode for frequencies up to 6000 Mc/s, Philips tech. Rev.

. 21, 104-109, 1959/60 (No. 3).

%) M. T. Vlaardingerbroek, An experimental disc-seal triode
for 6000 Mc/s, Philips tech. Rev. 21, 167-171, 1959/60

- (No. 6).

) J. G. van Wijngaarden, Possibilities with disc-seal triodes,
Onde électr. 36, 888-892, 1956.

8) K. Rodenhuis, A 4000 Mc/s triode with L-cathode construc-
tion and circuit, Le Vide 12, 23-31, 1957.

%) G. Andrieux, Amplificateurs de puissance 2 triodes pour
4000 Mc/s, Onde électr. 37, 777-780, 1957.

19) J. P. M. Gieles, The measurement of group delay in triode

. amplifiers at 4000.Mc/s,. Onde électr. 37, 781-788, 1957.

1) M. T. Vlaardingerbroek, Measurement of the active admit-
tances of a triode at 4 Gefs, Proc. Instn. Electr. Engrs
105 B, Suppl. No. 10, 563-566, 1958.

12) H. Groendgk Mlcrowave tnodes,Proc Instn.Electr. Engrs.
105 B, Suppl. No. 10, 577-582, 1958.

v
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example, the bandwidth of an amplifier fitted with
an EC 157 was reduced from 100 Mc/s to about
40 Mc/s, giving an increase in gain from 12 dB
(=16x) to 17 dB (= 50%). At a bandwidth of
40 Mc/s a cascade arrangement of three amplifiers
with EC 157 triodes gave a total gain of 50 dB.
Not so well known is the application of the EC 157
as a low-noise input stage at frequencies below about
1000 Mc/s, used primarily in equipment for radio

astronomy. Although its disc-seal construction .

,(resulting in higher capacitances and limited switch-

ing possibilities) makes this tube less suitable as a
pre-amplifier at frequencies far below the design
frequency (4000 Me/s), it is precisely there that the
noise properties of the electrode system are favour-
able compared with those of a crystal mixer used
as an input stage. The minimum noise figure, which
Jis a tube characteristic, can be determined at any
frequency by slightly varying the input matching.
Fig. 1 shows the average of the minimum noise
figures, expressed in dB, of 13 type EC 157 triodes,
measured as a function of frequency 13).

The strongest point of microwave triodes, which
is to produce simply and efficiently a high output
power at a large bandwidth, makes them especially
suited for use as power amplifiers. When used as
such in microwave radio links it is most important
that amplitude variations should not give rise to
disturbing phase variations, and hence to distortion.
The extent to which this occurs is called the

18dB

15 >

e
7

A/

0 ] 2 3
—_—f

4Gcls
3413

Fig. 1. Average Fuiy of the minimum noise figures in dB of v

13 type EC 157 triodes, versus frequency.

13) These measurements were done by G. A. W. J. Spanhoff
and N. van Hurck. For the application of the EC 157 in
an amplifier for radio astronomy, see C. L. Seeger, F. L..

-~ H. M. Stumpers and N. van Hurck, A.75; cm receiver-for -
radio astronomy and some observational results, Phxhps :

tech. Rev. 21, 317-333, 1959/60 (No 11).
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amplitude-modulation /phase-modulation (AM-PM)
conversion of the tube; it is expressed in degrees of
phase variation of the output voltage due to a
variation of 1 dB in the input signal. The AM-PM
conversion of triodes is of the order of —1°/dB,
which is much less than that of most other short-
wave tubes.

Special attention may be paid to the parallel
amplifier. It is possible to connect two amplifiers in
parallel such that, for the same gain, they deliver
twice the output power. Fig. 2 shows a parallel
output stage of this kind for operation at 4000 Mc/s,
equipped with two type 49 AL triodes. This stage
is capable of delivering an output of 10 W at an
ancde voltage of 220 V, the gain being more than
8 dB. Both amplifiers, like a single amplifier, are
equipped with ferrite isolators. (Because of this
arrangement the data for fig. 2 differ somewhat
from those given in Table I.)

In this way outputs up to 50 W at 4000 Mc/s
have been obtained from EC 59 triodes in the
laboratory. Microwave radio links generally require
no more than 10 or 20 W, which is ample to establish
a dependable link. Apart from doubling the output
power, the parallel output stage is more reliable
than a single stage since, with proper design, the
failure of one tube does not necessarily involve
interruption of the link.

The use of triodes as microwave amplifiers may
best be illustrated, perhaps, by their application in a
“straight-through” relay station in a microwave radio
link, i.e. a relay station in which the gain is obtained
without demodulating to an intermediate frequency.
This method of amplification stems from the fact
that the triode as an amplifier of centimetre waves
is superior to the tubes normally used for amplifi-
cation in the IF wavebands. In view of switching
and modulation problems a straight-through relay
station does not lend itself directly to general use,
but for long-distance links it has the great advant-
age of causing much less phase-distortion than
conventional IF amplifiers. A laboratory version
of such a straight-through relay station is shown in
fig. 3. The block diagram is given in fig. 4.

A six-cavity input filter F, is followed by four
pre-amplifier stages fitted with EC 157 triodes. All
amplifiers are coupled by isolators D. By means of
a frequency-shifting stage M, which will be discussed
below under the head “Mixing”, the frequencies of
the input and cutput signal are separated suffi-
ciently to exclude the possibility of spurious
oscillations due to aerial feedback. On the re-
commendation of the Comité Consultatif Interna-

tional des Radiocommunications, the frequency
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Fig. 2. Parallel output stage, consisting of two amplifiers each
equipped with a type 49 AL triode.

Frequency 4000 Mc/s | Bandwidth 100 Me/s
Anode voltage 220V Gain 8.2 dB
Anode current 2200 mA Output power 10 W

Cooling air: 27 I/min under pressure of 10 cm water.

shift is set at 213 Mc/s. After a three-cavity filter F,
for suppressing the unwanted frequencies of the
frequency-shifting stage, and three further ampli-
fying stages, a small portion of the signal is taken
off for automatic gain control. This feeds back
through a DC amplifier AVC on the field current
in the ferrite attenuator At, whose attenuation
depends on the magnetic field produced by this
current. This system ensures that the signal level
at the input of the last stage remains constant
within 0.5 dB for a variation of up to 25 dB in the
input signal of the first stage. A single output stage
is used, fitted with an EC 157, so that the output
power of the whole installation is about 1.5 W.
The overall bandwidth is about 40 Me/s at 0.1 dB
below peak, and the group-delay variation over
20 Mec/s amounts, without compensation, to about 1
millimicrosecond, which is less than 1/10th of the
value in normal IF amplifiers. The intermodulation
noise, which is due to the non-linearity of phase
characteristics, is accordingly very low. The weak
point of this relay station is the input noise factor,
which, owing to the attenuation caused by the input
isolator and the input filter, amounts to as much as
18 dB. This drawback can be overcome, however,
by increasing the input signal, that is to say by
raising the transmitted power of each relay station
in the chain. If, for example, the parallel output
stage shown in fig. 2, or a single output stage with
an EC 59, be connected at the end of the arrange-
ment described, an output power of 10 W can be

achieved.
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Finally, microwave triodes can also be used Frequency multiplication
successfully as output amplifiers at lower frequencies.

. . . . . The usual practice in microwave radio links is
Wide use is made of the EC 157 in microwave links I

at frequencies in the 2000 Mc/s band. An experi-
mental push-pull output stage with two EC 59

for the incoming radio-frequency signal to be
transposed to the intermediate frequency by mixing

. . . ) it in a crystal mixer stage with the signal from a
triodes in class C delivered an output of 76 W at Y 8 2

900 Me/s 1%), which roughly corresponds to the
performance of other tubes in that frequency band.

local oscillator. After amplification the IF signal
is returned to the radio-frequency band by means
of a second local oscillator (see section on mixing).
14) Experiment done by W. J. Smulders. The two RF local oscillators needed must be

4
|
%
i
:
0
:

.

Fig. 4

“

Fig. 3. A complete
on 7.5 cm.

Fig. 4. Block diagram of “straight-through” relay station, in which all amplification is
obtained in the 4000 Mc/s frequency band. F| six-cavity input filter. D ferrite isolators.
A amplifier stages equipped with EC 157 triodes. Mon monitors. At ferrite attenuator.
M mixer stage producing frequency shift between input and output signals. This frequency
shift (213 Mc/s) prevents spurious oscillation due to aerial feedback. LO local oscillator.
F, three-cavity filter for suppressing unwanted frequencies. AVC DC amplifier supplying
the signal for the automatic gain control. Overall output power, ~ 1.5 W; bandwidth at
0.1 dB below peak, ~ 40 Mc/s; group-delay variation over 20 Mc/s, without compensation,
~ 1 mysec.

straight-through™ relay station for a microwave radio link operating
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extremely stable in operation. Fig. 5 shows the
block diagram of a typical local oscillator of this
kind ). The first stage is a crystal oscillator (Cr)
whose frequency is in the region of 25 Mec/s, and

PHILIPS TECHNICAL REVIEW
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at the highest frequencies, is not large but is more
than enough to be used, for example, in frequency
With the 5 em, 1 W triode,
say 8000 Mc/s, it may be possible to reach the

standards. excited at

the required frequency, which may be, for example, millimetre waveband.
25Mcls 75Mcls 225Mcfs  225Mcfs  675Mcfs  4050Mc/s
I ! I ! I 20 mW
cr | M 1 M 1A L M M A
| ! | |
| | | | 4050Mc|s
c:: 3x x B D P x B & B D 200mv{/
E180F EI80F QQE02/5 QQE02/5 EC157 ECI57 ECI57 3415
Fig. 5. Block diagram of a local oscillator 1) for microwave radio-link relay station.

Cr crystal (erlllamr M frequency multipliers, the last two fitted with EC 157 triodes.

A amplifiers.

Fig. 6. A complete local oscillator, as in fig. 5,
ment.

in the
of a series of frequency multipliers (M). The last

region of 4000 Mc/s, is obtained by means

stages use EC 157 tubes, the final multiplication
being six-fold. A complete local oscillator designed
on this principle for use in Philips microwave radio
links can be seen in fig. 6. The output power is of
the order of 200 mW, which is sufficient both for the
receiving and transmitting ends of a relay station.

The above-mentioned frequency of 4000 Mc/s is
by no means an upper limit; the EC 157 can be used
as a frequency multiplier at frequencies far higher.
In an experimental set-up an EC 157 was driven at
4000 Mc/s by an input power of approximately 1 W.
With the anode surrounded by a circuit tuned at
the required frequency, all harmonics were obtained
up to 24 000 Mc/s.

is shown in fig. 7. The available power, particularly

One of the multiplier stages used

15) This design, like the mixer circuit in fig. 11, was developed
by H. J. Kramer in the microwave radio-link laboratory
of the N.V. Philips’ Telecommunicatie-Industrie at Huizen.

I

1706
used in Philips microwave radio-link equip-

Applications in oscillators

The local oscillator described above contains, as
frequency multipliers, many electron tubes, which
may be regarded as so many potential sources of

Ty

1707

Fig. 7. Frequency multiplier stage equipped with an EC 157
trlode, capable of producing 20 000 Mc/s by multiplying
4000 Mc/s. A anode. C nozzle for cooling-air supply. Z knob
for adjusting tuning plunger. Driven by about 1 Wat 4000 Me/s
the available power at the output is approx. 0.1 mW at
20 000 Mc/s.
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breakdown. Attempts have therefore been made to
design an oscillator which, with only one tube, will
oscillate directly at the required frequency just as
stably as a crystal oscillator. The components for
such a local oscillator were available: the EC 157

APPLICATIONS OF MICROWAVE TRIODES 21

Fig. 8. a) Diagram of a 4000 Mc/s oscillator with an EC 157
triode. A4 amplifier. C cylindrical cavity resonator of “Invar”,
filled with dry air. T magic-tee (see b) as output coupler.
D, Eisolators. The phase of the signal returning via the curved
section I’ to A is adjusted by means of spacer sections G.
b) Magic-tee form of hybrid junction. Branches I and 3 have
no corresponding dimensions parallel. In a magic-tee
an electromagnetic wave entering one of the four branches
I, 2, 3 or 4 will divide equally between only two of the
other three branches: paths 13, 3->1, 24 and 4->2 are
not possible. (See for example G. C. Southworth, Principles and
applications of waveguide transmission, Van Nostrand, New

York 1950, pp. 339-340.)

triode can compete in every respect with tubes for
lower frequencies, and with the aid of a cavity
resonator the same high @ for high frequencies can
be achieved as with the crystal. As the material for
this resonator we can use “Invar” which, like
quartz, possesses a very low thermal coefficient of
expansion (both about 107¢ per °C). If the same care
is paid to the filling of the resonator as to the
envelope around the crystal, similar results may be
expected.

Fig. 8a shows a diagram, and fig. 9a a photograph,
of a 4000 Mc/s oscillator built on these lines. The
amplifier A4 and the cylindrical cavity C are in-
corporated in a closed loop of waveguides. They are
both terminated by an isolator (D and E, respec-
tively). The circuit further contains a magic-tee T' as
the output coupler. In this junction the output
power of the amplifier is split in two (see caption

to fig. 8b): one half is fed to the output waveguide,

a

b

Fig. 9. a) Oscillator for 4000 Mc/s fitted with an EC 157, built on the principle of fig. 8a.
b) Similar oscillator, but for 6000 Mc/s and fitted with a 5 cm, 1 W triode. Both oscillators,

a and b, are reproduced on the same scale.
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the other half returns via the cavity to the input
of the amplifier. A matched termination of the
fourth branch of T absorbs any waves reflected
from the cavity or the load.

Calculation has shown that the oscillator reaches optimum
stability when the anode bandwidth of the amplifier is about
130 Me¢/s and the attenuation of the resonant cavity 4.6 dB.
The attenuation introduced by the output coupler amounts to
3 dB, and that due to each of the two ferrite isolators is
about 1 dB. Since the loop gain must be unity, the operating
point of the tube should be such that the gain is 9.6 dB: at
this gain, and at the bandwidth of 130 Mc/s, its output power
is 950 mW. The isolator D reduces this to 750 mW, half of
which, i.e. 375 mW, is the available power at the output.

The Invar cavity has very smoothly finished interior walls.
It is excited in the TEy, mode and is so designed as to give
a loaded Q of 22 000. The cavity contains dry air, and is sealed
by thin sheets of mica at the waveguide flanges and a synthetic-
resin seal along the edges of the lids.

The oscillator is aligned as follows. First of all the cathode
side of the amplifier is matched at the required frequency, and
at the anode side the bandwidth is adjusted to about 130 Mc/s.
The anode voltage is 200 V, the anode current 60 mA. After
the complete oscillator loop has been assembled, the bent
waveguide I (fig. 8a) is removed and a signal of the desired
frequency is applied to the amplifier input. A detector is
connected to the isolator E, and the amplifier and resonant
cavity are then tuned exactly. Finally the curved section F
is replaced and the phase of the returning signal is regulated
by varying the loop-length by means of spacers G until the
output power is maximum. If necessary the frequency can be

finely adjusted with a trimming screw in the resonator.

The stability of the frequency during variation of
the various parameters is measured by a beat-
frequency method. Some results at 4000 Mc/s are
given in Table II. The heater voltage proves to be
the most critical of the parameters; the anode
voltage has only a very minor influence. After ex-
changing the tube, only the anode side being retuned
to maximum output power, it was found that the
frequency had moved only 10 ke/s from the original
value.

Fig. 9b shows a similar oscillator for the frequency
band around 6000 Mec/s, equipped with a 5 cm, 1 W

Table II. Stability at 4000 Mc/s of the oscillator in fig. 9a.

Variation of frequency with

Varying increasing parameter
parameter — E— B
Absolute Relative
Temperature
(25-65 “C) +1.4ke/sper °C | +0.35x10-% per °C
Heater voltage | ~ —0.06ke/spermV —~ —1x10% per %,

+0.05 ke/s per V
+1 ke/s permA

+0.025 % 10-% per 9,
0.15 % 10-% per 9,

Anode voltage
Anode current
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type triode. Since the internal feedback in this tube
is much lower than in the EC 157, isolators are not
needed here.

A triode can be used successfully as an oscillator
not only at the design frequency and below, but also
at far higher frequencies. Up to the design frequency
the 12 mode of the anode resonant cavity will be
used; at much higher frequencies this is no longer
possible because the resonant cavity would have to
be smaller than is compatible with the tube dimens-
ions. Nevertheless, the tube can be tuned to thees
high frequencies by shifting the short-circuiting wall
of the resonator half a wavelength outwards, thus
using the 32 mode. Fig. 10 shows an experimental
oscillator with an EC 157, which, on the principle
described, is capable of generating frequencies up

to about 8000 Mc/s.

Fig. 10. Experimental oscillator with an EC 157 triode, with
which frequencies up to about 8000 Mc/s are reached by using
the $4 mode of oscillation of the anode resonant cavity.

Mixing

If we apply to the input waveguide of an EC 157
amplifier the high-frequency signal from a local
oscillator (LO signal) and apply to the cathode an
IF signal, sum and difference frequencies appear at
the anode. By tuning the anode circuit to one of
these, e.g. the sum frequency, we obtain a mixer
stage. A mixer of this kind is used in Philips micro-
wave radio-link equipment for the purpose of trans-
posing the signal from the intermediate frequency
(70 Mc/s) to one of the radio-frequency bands at
4000 Mc/s. The circuit diagram is shown in fig. 11 1%),
and the data are given in the caption. The anode
circuit is followed by a three-cavity filter, which
suppresses the LO signal and the unwanted side-
band (difference frequency).
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The anode current of the EC 157 is fairly small,
being only 25 mA, at which value considerable
AM-PM conversion (see p. 18) occurs. This is almost
entirely compensated, however, by the AM-PM
AM-PM

conversion is mainly due to variation of the input

conversion of the driving tube. Since

capacitance with the magnitude of the driving
signal, its sign in an earthed-grid arrangement will
be opposite to that in an earthed-cathode arrange-
ment. The AM-PM conversion of the driving tube is
positive and that of the triode negative, and both
are about 2°/dB, so that by suitable design of the
circuit we can build a mixer stage capable of
handling fairly strong signals and nevertheless
virtually free of AM-PM conversion (< 0.2°/dB).

The triode as a mixer is also used in a straight-
through relay station in microwave radio links for
imparting to the signal the earlier-mentioned fre-
quency shift of 213 Mc/s (see fig. 4). The RF signal
is applied to the input of an EC 157 amplifier, and
a sufficiently strong LO signal of the desired shift
frequency is applied to the cathode ( fig. 12). The
amplitude-modulated RF signal is thus mixed with
the shift frequency, which again gives rise to two
sidebands. The sideband required is then selected
by suitable filters.
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D
S = = 2
—g —b_f]'*fz
1 (4095,5Mc]s)
fl 3.469
(3682,5Mc]s)!
k EC157
T h(213Mc/s)
LO

Fig. 12. Circuit for an EC 157 used as a mixer to produce a
frequency shift of the RF signal in the straight-through relay
station shown in fig. 3. LO local oscillator. Other symbols as
in fig. 11.

Conversion gain . . 1 dB
Bandwidth at 0.1 dB below pedl\ . 50 Me/s
LO power . . . owow 500 mW
Anode voltage Of l‘( 157 180 V
Anode current of EC 157 . 20 mA

Limiting

If a microwave triode is biased to operate at a
low anode current and the input power increases,
a situation is soon reached where the output power
can rise no further. In this saturation region the
tube may thus be expected to function as a limiter.

We can put this to the test by measuring the
output power P, as a function of the input power P;;

D " _re . . .

e (T = = f(,),r, 111'«' EC ].;)1 this 1:(‘sults in curve A in fig. 13
— —ftf;  With increasing P; this curve does not become flat,
A L] W095,5Mcfs) 45 we should wish for a limiter, but, at a larger
(402@_5’/\4—/)_ . driving signal, exhibits a very sharp dip. This effect

,5Mc/s . ) § . : .
P Ep is due to the passive feedback admittance between
the cathode and anode circuits '%). What in fact
T happens? The output power may be regarded as
consisting of two parts. One part comes from the
100mW, —
W<
+780V0Erl . ’/— - .
et }
OE':_‘ ol
f2 —> v \4
(70Mcls) 0
i‘ 3468 ;
Fig. 11. Circuit %) for an EC 157 used as a mixer for trans- 0,01 o7 7 0w
ferring the modulation of an IF signal ( f,) to an RF signal ( f,). — -

A ampliﬁer. D isolator. F three-stage filter. k cathode lead of
EC 157.

Conversion gain . . 3 dB
Bandwidth at 0.1 dB below peak . 25 Mc/s
Input power of EC 157 . . 200 mW
1F signal on grid of E 80 L (r m.s. ) 2 . 035 V
AM-PM conversion . - . . <0.2 °/dB
Anode voltage of E ( 157 . . 180 V
Anode current of EC 157 (v ariable hy means of R) . 25 mA

Fig. 13. The EC 157 as a limiter: output power P, as a function
of input power Pi. Anode voltage 200 V, anode current 10 mA.
Curve A: amplifier not neutralized, curve B: partly neutralized,
and curve C: completely neutralized.

16) G. Diemer, Passive feedback admittance of disc-seal triodes,
Philips Res. Repts. 5, 423-434, 1950. See also the articles
referred to under footnote 1), p. 323, and 2) pp. 152-154.
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amplifying action of the triode. This part, which
predominates in the case of small driving signals,
approaches a constant value as the signal increases.
The other part arises from the passive feed-
back admittance and has no saturation value, but
continues to increase linearly with the input power.
A point is reached, therefore, where these two parts
are equal, and what happens then depends only on
the phase relationship. Evidently in our case the
two parts are virtually in antiphase, resulting in
almost complete cancellation.

To avoid this undesirable effect we have tried to
introduce between the anode and cathode cavities
additional feedback, just sufficient to neutralize the
existing feedback (internal neutralization). This is
done, as shown in fig. 14, by passing a double
coupling loop L of suitable dimensions through the
partition between the two resonant cavities. In this
way it proved possible to neutralize an amplifier
completely. The result is curve C in fig. 13. It can
be seen that the neutralization also results in a drop
in gain for small P;. The effect of partial neutrali-
zation will be to shift the dip towards a higher P;.
We then obtain curve B.

For use as a limiter the optimum curve lies some-
where between B and C. A drawback is that, with
stronger neutralization, the flat region also shifts
towards a higher P;. In that region, then, the triode
functions well as a limiter. The output power can
remain constant within 0.4 dB for an input-power
variation of 10 dB 7).

Amplitude modulation

Even in microwave telecommunications, where
amplitude modulation is not usual, it may be
necessary in certain circuits to modulate a signal in
amplitude, as for example in the circuit described
in the next section. An amplitude modulator is also
often indispensable in laboratory test equipment.
Its operation is actually the same as that of the
mixer discussed above, but in accordance with
general usage we shall confine the term “modulat-
ion” to those cases where the modulating signal is
an audio or video signal.

Depending on the strength of the RF signal,
different circuits have to be used to minimize
distortion. For weak signals it is sufficient to in-
troduce the signal as a voltage source of low internal
resistance in series with the cathode resistor, as
shown in fig. 15. As long as the driving signal is not
too strong, this voltage modulaton can be applied
up to a modulation depth of 809,

17) The AM-PM conversion of these and similar limiters has
not yet been investigated.
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Fig. 14. Neutralization of an EC 157 amplifier by means of a
double coupling loop L through the partition between anode
and cathode resonant cavities.

Where a tube is operated close to the saturation
level, however, current modulation is found to give
the best results. For this purpose the signal source
should be a current source of high internal resistance
connected in series with the cathode resistor. The
circuit adopted in practice is shown in fig. 16. The
modulating voltage is applied between grid and
cathode of a power pentode, type EL 86, connected
in series with the amplifying tube. With this circuit
an EC 157
modulated to a depth of about 909.

In both cases the variation of the output power,

almost driven to saturation can be

and not of the output voltage, is proportional to
the modulating voltage. This means that the
detector must have a square-law characteristic.

Frequency modulation

Frequency-modulated microwaves are difficult to

obtain with only one microwave triode used as an

NN

Fig. 15. Amplitude modulator with an EC 157 for modulating
small signals. A4 amplifier. k cathode lead. V, = 200 V,
I, — 20 mA (variable by means of R).

1697 i
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oscillator. The oscillator frequency is then almost
entirely determined by the tuned circuits, and
although the frequency can be varied to some extent
by varying the anode voltage and anode current,
the circuit is not attractive for frequency modulation
because the frequency deviation attainable is small
and because of the large amplitude modulation
which it involves.

The situation is different, however, if two tubes
are used in a special circuit, the principle of which
is illustrated in fig. 17. Two EC 157 amplifiers A
and B are interconnected by waveguides (bold lines
in the figure) via two magic tees T; and T),. The path
T,AT, is made a quarter wavelength longer than
the path T, BT,. Furthermore, T, and T, are directly

interconnected via P(.

“1ov
+
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Fig. 16. Amplitude modulator with an EC 157 for modulating
strong signals. Symbols as in fig. 15. V, 200, I, 60 mA.

To explain the operation of the circuit we shall
imagine that the connection between T, and T, is
broken for a moment at P and (). An electromag-
netic wave entering () divides in T} into two waves
of the same power and the same phase, one travelling
to the left and the other to the right. These two
waves are equally amplified in identical amplifiers
A and B, and thus arrive in T, with equal ampli-
tudes and, owing to the }-wavelength extra path-
length via A, with a phase difference of 90°. They
can therefore be represented by the complex
quantities ¢ and fin fig. 18. In T, the waves « and [
combine in such a way that a wave a | f travels
towards P and a wave a— f along S.

Now suppose the waves « and f are not only
amplified in 4 and B but also modulated in ampli-
tude in push-pull, as represented diagrammatically
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1 l 1867

Fig. 17. Tllustrating the principle of a frequency modulator
with two EC 157 triodes. The thick lines represent waveguides.
A, B amplifiers. T}, T, magic-tees. The branch R has a matched
termination, the branch S functions as output. Tr centre-
tapped transformer (input).

by the centre-tapped transformer Tr in fig. 17. In
practice this amplitude modulation can be effected
by one of the methods described under the previous
heading; the instantaneous output powers of the
the
(I 4 msinpt) : (1— msin pt), where m is the modula-

amplifiers then become varied in ratio

tion depth and p the angular frequency of the modu-

Bl o+
|
|
\
RN =—— o eremellms i
a=pV 1-msin pt :
| |
|
| l
| |
| I
| |
>l >l e
o oZal/T+m sin pt
868 a—ﬁ

Fig. 18. Vector diagram illustrating the occurrence of phase
modulation when the amplifiers 4 and B in fig. 17 are push-
pull amplitude-modulated.
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lating signal. The amplitudes of the waves arriving
in T, are thus given by «' = aj1 + m sin pt and
f’ = Byl — m sin pt, and those at the output
of Ty by o' + f and o' — f'.

It is easy to show that the moduli of both these
output waves are equal and constant, and that the
arguments vary with time. The output waves from
T, are therefore not modulated in amplitude but
only in phase: the vector points of o + p' and
a'— p' thus move, during a modulation period of
the amplifiers, along arcs of the same circle in fig. 18.

If we now connect P again with Q, the circuit will
start to oscillate, and it will do so at a frequency
such that the total phase shift in the feedback loop
is exactly a whole multiple of 27. Since the modulat-
ing voltage causes the “phase length” of the circuit
to vary, the frequency at any given moment will
be such as to satisfy the just-mentioned phase
condition. In this way, then, we have obtained a
frequency-modulated oscillator. The branch S of T,
functions as the output, and the branch R of T,
has a matched termination.

To produce a large frequency deviation it is
necessary that the phase variation introduced should
constitute as large a part as possible of the total
phase shift in the loop. This amounts to keeping the
whole feedback path as short as possible. A compact
assembly is achieved by combining the two magic-
tees and their connection PQ in a single block
(fig. 19). The two amplifiers are normal amplifier
units, except that input and output are at the same
side. The amplifiers are fitted to the left and right

171

Fig. 19. Magic-tees T, and T, and their connecting waveguide
(see fig. 17) combined in a single block, giving a compact
construction of the frequency modulator.
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Fig. 20. Complete frequency modulator, built on the principle
of fig. 17, using the block shown in fig. 19. The feedback paths
of the two triodes are unequal in length and in part common.
When the waves in the triodes are amplitude-modulated in
push-pull, the output signal will be frequency-modulated.

of the block in fig. 19 (see fig. 20), and the difference
in path length is obtained by means of spacer
sections. The bottom opening at the front of the
central block (R in fig. 17) has a matched termina-
tion, and the upper opening (S in fig. 17) is the
output of the modulator.

To help shorten the feedback path, no isolators
are fitted at the anode side of the amplifiers. This
makes it necessary to neutralize the amplifier blocks,
which is done by the method described above
(fig. 14).

As a result of this special circuit arrangement, the
output power of the frequency modulator is fairly
high. As we have seen, the moduli of the output
waves of T, are identical, so that the sum of the
output powers of the amplifiers divides into two
equal parts in T,. Of these, one part is again split in
T, into two equal parts, and the other is immediately
available as output power. We may therefore expect
the output power to be equal to that of a single tube
driven by a signal strong enough to produce a gain
of 3 dB. What the actual power will be depends on
the setting of the modulator. The above reasoning
was based on a phase difference of 90° between «
and (. Plainly, by varying this angle we can play
off the output power against the frequency devia-
tion. If we make the angle larger we immediately

increase the deviation, but from fig. 18 we see that
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a +"/3 then becomes smaller, that is to say, less
power is fed back and the tubes will oscillate at a
lower level. Conversely, a smaller angle gives a
smaller deviation, but o + f is then larger, more
power is fed back and the amplifiers oscillate more
strongly.

We can make this process more effective if, at
the same time, we vary the anode-circuit bandwidth
of the amplifiers, depending on whether we want a
large deviation or a large output power. Table ITT
gives some results of measurements made at two
settings representing roughly the extremes of
deviation and output power.

Table IIL. Data on the frequency modulator in fig. 20, equipped
with two EC 157 triodes, in two different settings.

For large For high

frequency output

deviation power
Anode voltage 200V 200V
Anode current 60 mA 60 mA
Anode-circuit bandwidth 150 Mc/s 60 Me/s
Centre frequency 4000 Me/s 4000 Mc/s
Maximum frequency deviation 60 Mc/s 15 Mec/s
Linear frequency deviation 20 Mc/s 5 Mc/s
Output power 0.6 W 3.6 W

High-level detection

In millimetre radar, where pulses of extremely
short duration are used (about 5 mysec), a very
large bandwidth (about 200 Mc/s) is required in the
IF section and video amplifiers in the receiver 18).
A bandwidth as large as this is very difficult, if not
impossible, to achieve with conventional tubes. As
far as the IF amplifier is concerned, the difficulty is
solved by using a travelling-wave tube, operating
at a frequency of 4000 Mc/s. A normal crystal
detector cannot, however, handle anything like the
maximum output power of the travelling-wave tube
without becoming overloaded. Considerable video
amplification is therefore needed behind the detector
in order to drive the cathode-ray tube.

This video amplification, which is very difficult
to realize for such a large bandwidth, can be dis-
pensed with entirely if the detection is done by an
EC 157 triode, used as an anode-bend detector. The
travelling-wave amplifier can boost the IF signal to
about 1 W, and the triode detector, driven by this
signal, delivers over the whole bandwidth video
signals of about 10 V, which can be used for driving

18) See R. J. Heijboer, Millimeterradar, Ingenieur 71, E. 41-
E. 48, 1959 (No. 14) (in Dutch).
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ECI157

4000Mcfs
24000Mcfs ..

Fig. 21. The EC 157 used as an anode-bend detector for
strong signals in millimetre radar. The IF amplifier 4 is a
travelling-wave tube, which supplies a signal of about 1 W
at 4000 Mc/s to the triode detector Det. The detector output
signal is strong enough, at the required bandwidth, to
drive the cathode-ray tube P directly, ie. without video
amplification. Ant antenna. M mixer. LO local oscillator
(24 000 Mc/s).

the cathode-ray tube directly. This arrangement is
shown schematically in fig. 21.

An ordinary amplifier block can be used for such
a detector; the top cover is removed and also the
inner conductor and plunger, in order to minimize
stray capacitances. The circuit used is shown in
fig. 22. The tube is biased by a fixed positive

—P

10nF

\
N

27

Fig. 22. Arrangement of EC 157 as anode-bend detector at
4000 Mc/s in a slightly modified amplifier-block.: The tube is
biased to cut-off by a fixed voltage of -7 V on the cathode.
The cathode-ray tube is connected at P (see fig. 21).
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Fig. 23. Detection characteristic of the EC 157 used as an
anode-bend detector in the arrangement shown in fig. 21: the
video voltage Ey;q on the anode is plotted as a function of the
IF power Pj at the input.

v

VOLUME 22 .
potential of 7 V on the cathode, which corresponds
roughly to the cut-off point. Fig. 23 shows the video
voltage on the anode as a function of the IF power

-~ at the input.

'

Summary., Because of such features as simplicity, favourable
phase characteristics and large product of gain and bandwidth,
disc-seal triodes for centimetre waves are suitable and attrac-
tive for many and various applications, especially in microwave
radio links. Tabulated details are given of the microwave
triodes developed or in development at Philips, and their uses

" are discussed as amplifiers, frequency multipliers, local oscil-

lators of extremely' stable frequency (4000 and 6000 Me/s),
mixers, limiters, amplitude and frequency modulators and
lngh -level detectors for millimetre radar.
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2736: W. Kwestroo and H. A. M. Paping: The
systems Ba0-SrO-TiO,, BaO-CaO-TiO, and
$r0-Ca0-Ti0, (J. Amer. Ceram. Soc. 42,
292-299, 1959, No. 6).

The solid phases formed at 1400 °C in air in the
three-component systems Ba0-SrO-Ti0O,, Ba0-CaO-
TiO, and Sr0-Ca0-TiO, are described. Besides solid
solutions of components with known structures,
some new ternary compounds have been studied.
The dielectric constants and loss factors of a number
of specimens are given. Crystallographic data of the
compounds BaCaTiO,, Ba;Ca,Ti,0y and CazTi0,
and of the solid solution series (Ba,Sr),TiO; are

presented. The preparation of the new compounds
is described in detail.

2737: K. van Duuren, A. J. M. Jaspers and J.
Hermsen: G-M counters (Nucleonics 17,

No. 6, 86-94, 1959).

The article describes some modern designs of
Geiger-Miiller tubes. Diversity of design provides
G-M tubes for many uses: hollow anodes for 47
and liquid-flow counting, compact coincidence units
and integrator tubes for inexpensive, reliable moni-
tors and alarm devices.
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DEALING WITH TECHNICAL PROBLEMS
RELATING TO THE PRODUCTS, PROCESSES AND INVESTIGATIONS OF
' THE PHILIPS INDUSTRIES '

A HIGH-SPEED SCANNING RADAR ANTENNA

by F. VALSTER.

621.396.677.7:621.396.955.

The considerable mass of conventional radar antennae and the wind forces acting on their
large surface area, are a hindrance to the rapid scanning desirable for certain purposes. In
the design discussed below, based on a principle due to Rinehart, only one small part of the

antenna system rotates, making it possible to achieve very high speeds of revolution.

In plan-position radar it is frequently desirable
to have a rapidly rotating beam. With conventional
antenna constructions, however, this meets with
difficulties due to the high moment of inertia of
the rotating mass, which consists of a primary
radiator (dipole or horn) combined with a reflector
or lens. Further difficulties are occasioned by the
varying wind forces on the large revolving sur-
faces.

Attempts have therefore been made to design
radar antenna which dispense with the need for
large rotating systems. The various methods devised
to overcome this problem are all based on the Lune-
burg lens, which we shall presently discuss. An
experimental antenna of this kind has also been
built at Philips, with the object of studying the
effect of the scanning speed on the radar picture.

In the following we shall first discuss some
theoretical considerations relating to the speed
of revolution of a radar beam, after which we shall
describe the design of the present antenna and
some results achieved.

Reasons for a high scanning spee.d

A high scanning speed in radar may be desirable
for two reasons: firstly, to obtain a clear display of
fast-moving objects, and secondly, for the sake of
a bright radar picture. We shall examine these
reasons in more detail.

Clear display of fast-moving objects

If the beam rotates slowly, a fast-moving object

travels so far in the time taken by the antenna to
complete one revolution that the radar echo on the
P.P.I. screen is seen to move in a series of jumps. A
jerky echo is difficult to distinguish from the irre-
gular brightness variations due to noise, which are
always present on the screen, and is also difficult
to follow if there are a lot of permanent echoes. The
latter was the case, for example, with one of our
short-range radar sets, where the echoes of cars
moving along a street were very hard to follow be-
tween the numerous permanent echoes from the
street itself.

The optimum speed of revolution depends on the -
speed v of the observed object, on the radius R
of the area covered on the radar screen, and on the
radius r of the screen (possibly also on the diameter
of the luminous spot). If d be the distance over
which the echo of the object moves during one
revolution of the beam and IV the speed of revolu-
tion, the following relation holds:

rov

N=— -
Rd

N ¢))

The maximum value of d at which the irregular
displacement of the echo is not yet troublesome is
about 0.25 mm. If the screen has the usual diameter
of 30 cm, it follows from (1) that:

N=61Rr;p.s., A )]

where R is expressed in km and v in km/h. This

~
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relation is shown graphically in fig. I for various
values of R. , o

2557
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Fig. 1. The speed-of revolution IV of the beam for which the
echo on a radar screen of 30 cm diameter moves 0.25 mm per
revolution, is plotted as a function of the speed v of the object,
for various values of the radius R of the area covered. -

Brigl.n radar picture

In some cases the radar picture is required to be
bright enough to make it unnecessary to darken the
room. Phosphors giving this brightness — and which
are used in television picture tubes, for example —
have a very short afterglow, however, and there-
fore the radar pattern must be traced many more
times per second, i.e. fast scanning is necessary.
The use of a television picture tube for radar would
call for a minimum scanning speed of 20 r.p.s.

Operational consequences of high scanning speeds

A high scanning speed is not without its effects
on the operation of the radar system. The faster
the beam is rotated the more pulses must strike the
objects per second if weak echoes are to be clearly
distinguished from random mnoise fluctuations.
In other words, a high scanning speed implies a
high pulse-repetition frequency, and this involves
difficulties with the modulator. Moreover, a high
pulse repetition frequency f limits the radius R of
the area covered, since a fresh pulse must not be sent
out before the echoes of the last pulse have been
received from objects at a distance R. This restricts
the radius R to ¢/2f, where ¢ is the speed of light.

'The Luneburg lens

Scanning speeds of, say, 10 r.p.s. for small radar
sets and 1 r.p.s. for large installations are evidently
impracticable with conventional antenna systems —
quite apart from the high power they would entail
for the drive.

The solution of this problem is to be found — in
principle at’least — in a lens possessing rotational
symmetry and which focusses the energy emitted
by the primary radiator into the required beam.
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All that need then revolve (around the lens) is the
primary radiator. _

A familiar example of such a lens is the Lune-
burg lens 1). This is spherical in shape and its re-
fractive index n depends only on the distance r to
the centre point, according to the following function:

n(r) = .’/2—(2)2 for r=a
n(r)=1 L r2a

)

for

where a is the radius of the lens. The refractive index
thus changes continuously from }2 in the centre
of the lens to 1 at the surface (r = a). A property
of this lens is that every point O of its surface is
imaged at infinity in the direction diametrically
opposed to O (fig. 2). Rays entering the lens from O
thus emerge as a parallel beam.’

-l

-
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Fig. 2. The Luneburg lens has the property that every point O
on its surface is imaged at infinity in the direction diamet-
rically opposite to 0.

A lens having a refractive index in accordance
with (3) is obviously very difficult to make and, as
far as we know, never has been made. The difficulty
can be circumvented, however, with a two-dimen-
sional analogue of the lens (i.c. one which forms
a beam in one plane) such as described by Rine-
hart 2) and later calculated as one of a family of
lenses of revolution by Toralda di Francia 2). Our
lens, too, is an analogue of this type.

Let us take another look at fig. 2. In order to
produce plane wave fronts I (perpendicular to the
projection of the radius OM) from the spherical
wave fronts issuing from O, the rays from O to the

1) R.K. Luneburg, Mathematical theory of optics, Brown
University Press, Providence (Rhode Island, U.S.A.) 1944,
p. 213.

2) R. F. Rinehart, A solution of the problem of rapid scan-
ning for radar antennae, J. appl. Phys. 19, 860-862, 1948.
J. S. Hollis and M. W. Long, A Luneburg lens scanning
system, Trans. Inst. Radio Engrs. AP-5, 21-25, 1957 (No. 1).
For another solution, see G. D. M. Pecler and D. H. Archer,
A two-dimensional microwave Luneburg lens, Trans.
Inst. Radio Engrs. AP-1, 12-23, 1953 (No. 1).

3) G. Toralda di Francia, A family of perfect configuration
lenses of revolution, Optica Acta 1, 157-163, 1954/55.
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straight line I must all, according to geometrical
optics, have the same optical length. This is the
case in the Luneburg lens, the rays passing through
a medium of higher refractive index the shorter
their geometrical length. The rays OP, 0Q and OR
thus have the same optical length, in other words

the optical length
!

/nds

/]

is independent of the path followed.

Paths of equal optical length between the point
O and the line [ are also produced if the rays can be
given equal geometrical length and made to pass
entirely through a medium with n = 1; in that case
a medium with a refractive index varying accor-
ding to (3) is not necessary. Thus, instead of letting
the rays OQ and OR, for example, travel partly
through an optically denser medium than OP, we let
each of them make a detour such that OQ and OR
get the same geometrical length as OP. If n =1
along all rays, they have the same optical as well
as the same geometrical length, and therefore I
again forms a wave front. This is only possible, how-
ever, for beaming in two dimensions, the third
dimension being required for the detour.

Form of the antenna

In the foregoing we have tacitly assumed that the
energy can indeed be propagated along a curved
surface. Assuming that this is possible (we shall
return to this presently), we see that the lens from
which we started becomes a sort of waveguide,
which has the special property of converting cir-
cular wave fronts from a point source into linear
wave fronts and has the advantage above the lens
that it does not require a medium of varying
refractive index.

The surface of the waveguide must meet the fol-
lowing requirements:

a) It must possess rotational symmetry.
b) All geodesics from a point on the circumference
must have the same length from that point to

a straight line perpendicular to the projection

of the radius vector of the point; we can regard

this line as the aperture of the antenna.

(A geodesic is the shortest superficial line between

two points on any specified surface, and, accord-

ing to Fermat’s principle of least-time, this is
the path along which the energy will propagate
between those two points.)

The surfaces that satisfy these conditions can be
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found by the methods of differential geometry. Fig.3a
gives a sketch of such a surface, and fig. 3b a meridian
cross-section of the surface. The equation for the
meridian curve is expressed most simply by the
coordinates ¢ and s, where ¢ is the direct distance

Fig. 3. a) In the hat-shaped surface illustrated, all geodesics
g connecting the point O to the straight line I (perpendicular
to OM) are of equal length. The surface also possesses rotational
symmetry. :

b) Meridian cross-section of the surface shown in (a).

from a point P to the axis of symmetry, and s is
its distance along the meridian curve to the point
A (fig. 3b). The equation is then (see the article by
Rinehart, footnote 2)):

s(g) = 4(o + @ arc sin gfa) for 0 < p < a. 4y

For ¢ > a the surface defined by (4) gives way to a
contiguous horizontal edge.

A model demonstrating the generation of the surface

Before going into the practical version of the
antenna we shall discuss a model which demonstrates.
how a surface fulfilling the above-mentioned con-
ditions can be generated. This model also helps to-
elucidate the points discussed above.

Fig. 4a shows a rectangular board I in which a
circular hole is cut, of radius a. Fitted in this hole:
is an inflatable balloon 2. A number of cords 3,
of equal length, are knotted together at one side,
and the knot is fixed to a point O on the circum-
ference of the hole. The free ends are then secured
to the board in such a way that they lie on a straight
line [ which is perpendicular to the radius vector of
point O (while this is done the balloon is not yet
inflated and the cords are still slack). Fitted around
the hole is a ring 4, mounted in such a way that the
cords can slide freely under it and at the same time:
are made to pass along the board from the balloon.
to the straight line L

When the balloon is inflated, the cords are ten-
sioned, and they slip into positions over the sur-
face of the balloon such as to allow the balloon to
expand as much as possible; in other words, each
delineates its shortest path (the geodesic path)
over the balloon. When this state has been reached,
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the balloon and the board together form a surface
on which all geodesics from the point O to the straight
line [ are of equal length.

The circular hole by itself is insufficient to guaran-
tee that the surface thus produced will possess
rotational symmetry. To make it fulfil this con-
dition, more than simply the one set of cords issuing

from point Ois required; other sets must be applied
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surface. In order to compel the energy to propagate
along the required lens surface, we use two metal
plates which have virtually the same form as this
surface, but are separated from it at either side by a
distance d (measured perpendicular to the surface).
If we again choose the distance 2d between the plates
smaller than 14, the deviation in our curved wave-

guide from the mode of vibration occurring in

a

b

Fig. 4. a) A model illustrating the generation of a surface on which all geodesics between a
point O and a straight line [ (perpendicular to the radius vector of 0) are of equal length.
1 board with circular hole. 2 inflated balloon. 3 cords passing partly over the balloon and
partly along the board, and which all have the same length from the point O to the straight
line I. 4 ring, under which the cords pass freely and which holds the cords to the board sur-

face between the balloon periphery and line [.

b) Three sets of cords are used here, producing a surface that better approaches rotational

symmeltry.

at points distributed around the circumference of
the hole. Fig. 4b shows an arrangement using three

sets of cords.

Construction of the antenna

We have still been working on the assumption
that the energy can be propagated along a curved
surface such as that in fig. 3. We shall now consider
how this can be achieved, in other words, how a
curved waveguide with the required profile can be
constructed.

We shall consider first the familiar case of wave
propagation between two parallel, flat plates of a
material that is a good conductor. If we choose the
distance 2d between the plates smaller than 17,
where /. represents the wavelength in free space,
the energy has only one possible mode of propa-
gation, viz. the TEM mode, in which the electrical
field strength is perpendicular to the plates, and the
velocity of propagation 1s equal to that in free space
(n = 1, which is what we wanted).

We now apply the same principle to the curved

the flat case is negligible, provided the radius
of curvature is everywhere large in relation to /.
This condition is easily fulfilled.

The question now is how the two metal plates
can be given the correct shape. The first step is to
calculate exactly the meridian curve of the geo-
metrical surface possessing the above-mentioned
properties (rotational symmetry, geodesics of equal
length). For this purpose it is convenient to change
from the coordinates ¢ and s in eq. (4) to rectan-
gular coordinates. On the outside of the meridian
thus found we now construct the curve that remains
a constant distance d away from it (perpendicular
to the meridian), and on the inside a curve which
remains a constant distance d + 0 therefrom, 0o
being the thickness of the sheet metal to be used,
e.g. 1.5 mm. The curves produced are then the
meridians (profiles) of the two dies in which two
sheet metal plates can be forced into the correct
shape (fig. 5).

To achieve reasonable accuracy with this graphic
construction of the die profiles (deviation from the

ideal profile nowhere more than e.g. 19 of the diam-
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eter 2a) it is necessary to use meridian curves
several times larger than the required dies. From
a number of points on this enlarged meridian we

then draw perpendiculars to the curve, and mark

1587

Fig. 5. Curve 0 is the calculated meridian curve of the geo-
metrical surface possessing the required properties. Curves I
and 2, at a distance d (<< }1) at either side of 0, are meridians
of the metal surfaces to be made. Curve 3 lies at a further
distance 0, equal to the thickness of the sheet metal used.
I and 3 are the meridians of the jigs in which the metal sheet-
ing will be stamped into the appropriate shape. (For clarity,
the distances d and 0 are exaggerated in comparison with the
other dimensions.)

on ecach a distance d on the one side and a distance
d + 0 on the other. In this way we find the profiles
of the dies. The coordinates of these profiles can
also be computed by carrying out the above process
analytically. This involves complicated calculations,
which, without the help of an electronic computer,
would be far too time-consuming .

The two plates, shaped like hats, can be seen in
Jig. 6; the upper plate is marked with geodesics and

wave fronts.
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Further constructional details are illustrated

schematically in fig 7. The two aluminium “hats”
are kept at the right separation 2d by spacer blocks
of “Polyfoam™, a material whose dielectric con-

stant differs very little from unity and thus behaves

almost like air for the purpo of wave propaga-
tion. The brims of the two hats are not flat and
parallel, but slightly tapered, giving a certain heam-
ing effect in the vertical plane.

The whole assembly is supported from below by
a central bushing 8 and from above by a tubular
structure ( fig. 8a and b). The rectangular waveguide
4 (fig. 7) is rotated by a small motor; the mouth of the

| 1588

Fig. 7. Cross-section of the antenna system. I and 2 are the
two hat-shaped plates, with spacers 3 of “Polyfoam™. 4
rotating waveguide. 5 wedge-shaped block, preventing back
radiation. 6 rotary joint between the rotating waveguide 4
and the fixed waveguide 7, which connects the system to the
transmitter and receiver. 8 bushing supporting the construc-
tion.

waveguide constitutes the point source and re-

volves in the gap between the brims of the two hats.

The fixed waveguide 7 connects the waveguide 4

1508

Fig. 6. The two hat-shaped surfaces, made from sheet aluminium. Geodesics and wave

fronts are drawn on the upper surface.
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1509

Fig. 8. a) Mounting of the antenna on the housing containing
the radar transmitter and receiver.
b) Close-up view of antenna.

to the radar transmitter and receiver via the rotary
coupling 6. Back radiation is prevented by a wedge-
shaped block 5 fixed around the mouth of wave-
guide 4. It consists partly of aluminium with one or
more grooves one quarter wavelength deep, func-
tioning as a “choke”, and partly of graphite-
filled “Philite”, which absorbs any residual radia-

tion.

Performance

The antenna shown in fig. 8 forms part of an
experimental radar installation operating on a
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wavelength of 1.25 cm. The pulses have a duration
of 1/30 ps and a repetition frequency of 12 500 c/s.
The diameter of the antenna (i.e. without the brim)
is 50 cm; the distance 2d between the two “hats™ is
0.5 cm, i.e. smaller than }4.

The directional pattern in the horizontal plane
shows a main lobe whose beam width O} between
the 3 dB directions, according to a rule of thumb,
should be /D radians (D is the length of the antenna,
in this case the length 2a of the antenna aperture);
this rule of thumb, then, gives @}, = 1.25/50 radians
= 1.43°. Since the hats show slight deviations from
rotational symmetry, the directional pattern was
found in fact to be somewhat dependent on the
position of the energy feed. The average value of
Oy was found by experiment to be 1.5°, which is
thus in good agreement with the expected result.

The size of the side lobes depends on the radiation
pattern of the primary radiator, which determines
the amplitude distribution of the field in the antenna
aperture. With the design chosen the level of the
largest side lobes proved to be 18 dB below that of
the main lobe, which is a sufficient difference for

the purpose in view.

T
[l
R )

R

Fig. 9. Experimental radar installation with fast-scanning
antenna system of the type described, on the roof of Philips
Research Laboratories at Eindhoven.
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The angle between the tapered brims of the hats
is so chosen as to give the beam in the vertical plane
an angular width 0@y ~ 25°.

The scanning speed of the antenna is variable
up to a maximum of 10 revolutions per second. At
the maximum speed the motor draws a power of

only 200 W.
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The radar system (fig. 9) using this antenna
gives a display of an area in which streets with
fairly heavy traffic can be seen. When the beam
rotates at 10 r.p.s. the moving vehicles are indeed
much more clearly distinguishable between the
numerous permanent echoes than when the beam
is rotated at the more usual speed of 1 or 2 r.p.s.

Summary. A high scanning speed (e.g. 10 r.p.s.) is desirable
in plan-position radar when 1) the echo of fast-moving objects
is to be followed clearly against a background of noise and
numerous permanent echoes and 2) when a very bright radar
picture is wanted, which is only realizable with short-per-
sistence screens. Conventional radar antennae are not adapted
to high-speed scanning. A rapidly revolving beam is obtain-
able, however, by using an analogue of the two-dimensional
Luneburg lens, as described by Rinehart. This analogue is
based on a geometrical property of a rotationally-symmetric
hat-shaped surface whereby circular wave fronts in a given
plane emanating from a point source are converted into linear
wave fronts. The practical form of this idea consists of two

metallic “hats”, situated at a distance of less than one quarter
wavelength on either side of the surface in question. The two
hats constitute a waveguide. The point source is the mouth
of a rectangular waveguide which revolves in the gap between
the two brims; at the opposite side the radiation emerges in
the form of a narrow beam. Some constructional details of an
antenna of this type are given. In one version, for a wave-
length of 1.25 cm, the main lobe has an average 3 dB beam
width in the horizontal plane of 1.5°, and in the vertical plane
of about 25°. A motor power of 200 W is sufficient for a speed
of revolution of 10 r.p.s. The expectation that fast-moving
objects are better observable at this speed than at e.g.
1 r.p.s., is confirmed. .
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In October 1959,

Dr. Balthasar van der Pol died

Professor

at Wassenaar at the age of 70.
In the years from 1922 to 1949,
during which he acquired inter-
national repute in the field of
radio science and engineering,
he directed the work done in that
field in Philips Research Labo-
ratory at Eindhoven. In the
same period he also played a
prominent part in international
activities

organizational con-

cerned with radio communica-
tions. After his retirement from
industry he continued in these
activities, principally as Director
of the C.C.I.R. (Comité Consul-
tatif International des Radio-
communications) at Geneva, an
office he held until a few years
before his death. Amongst the
numerous distinctions conferred

Medal of

Honor of the Institute of Radio

upon him were the
Engineers, of which he was for

some time vice-president, the
Valdemar Poulsen Gold Medal,
several honorary doctorates, and
the honorary presidency of the
U.R.S.I. (Union Radio Scien-
tifique Internationale).

The obituary notices that
appeared in journals both in
the Netherlands and abroad

were obviously unable to go far

into the details of his scientific work. It gives the editors pleasure to be able to publish here a more comprehensive appreciation,

written by Prof. Bremmer, one of Van der Pol’s former and closest collaborators and probably the most familiar with his work. In

our view such an appreciation is a fitting way of paying tribute to the memory of this remarkable man, and at the same time it

gives the reader a glimpse of many important aspects of the evolution of radio science.

The title photograph shows Van der Pol (right) in conversation with Prof. Holst, the founder and first director of this laboratory.

THE SCIENTIFIC WORK OF BALTHASAR VAN DER POL

by H. BREMMER.

In this article we shall try to review the many-
sided scientific work done by the late Prof. Dr.
Balthasar van der Pol, former member of the Philips
Research Laboratories, Eindhoven, who died on the
6th October 1959. His numerous investigations
were concerned primarily with problems of radio
science and associated fields. The international name

he soon acquired was due no doubt in the first place

538.56.001.5:621.37.001.5

to his pioneering work on the propagation of radio
waves and on non-linear oscillations. We shall see
later how his study of these subjects led him to
take an interest in many other problems, including
problems of pure mathematics.

Van der Pol was one of those rare men who are
equally at home in physics, engineering and mathe-
matics. This enabled him to deal personally with
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the theoretical-mathematical treatment of tech-
nical problems, and also to meet professional mathe-
maticians on their own ground and persuade them
of the importance of a rigorous mathematical
approach to such problems. He saw how dlfﬁcult
it often is to bring together the practltloners in
these three fields. His success in this respect was a
valuable facet of his life’s work.

As a mathematician, Van der Pol showed a strong |

preference for heuristic methods, by which, along
partly intuitive lines, results are readily arrived
at that can only be verified later. To this extent
he resembled Heaviside. This brilliant man, who
lived from 1850 to 1925, used mathematical methods
which proved to be very fruitful, but generally left
it to others to demonstrate their validity. Heaviside
was nevertheless the first to get to the bottom of
such technical problems as the role of inductances
in long-distance telephone cables. Van der Pol was
a great admirer of this self-made scientific genius,
as testified by his inaugural address on 8th December
1938 as extra-mural professor at Delft 1). The address
was entirely devoted to Heaviside, and underlined
the significance of his work at a time when the
application of Maxwell’s equations was not yet a
‘commonplace. The following sentence from Van der
Pol’s address will serve to illustrate the part played
by Heaviside in the development of electrotech-
nical concepts that are now thoroughly familiar:

“Electrotechnology and physws are also indebted

to Heaviside for the concept and the word

“impedance”, not merely as understood in pre-

sent-day alternating-current theory, but in a very

much wider sense which includes on-off switching
effects, a form which even today has still not
been dealt with exhaustively.”

In all his work Van der Pol owed much to the
inspiration of Heaviside. This appears directly from
his preoccupation with the methods of operational
calculus, which were created by Heaviside for
application to electrical networks. No one has
explained better than Van der Pol the merits of
operator methods. In particular he demonstrated
their value for the discovery of numerous relations
in widely diverse fields of mathematics. In one
respect, however, there was a marked constrast
between Heaviside and Van der Pol. The former
suffered all his life from the difficulty of getting his
ideas accepted, not least because of the almost
illegible form of his writings. The latter’s publi-
cations, on the other hand, were models of careful
exposition and clarity of thought.

1) B. van der Pol, Oliver Heaviside (1850-1925), Ned. T.
Natuurk. 5, 269-285, 1938.
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Van der Pol’s lucidity was also much in evidence
in the lectures he gave and in the innumerable
meetings and discussions over which he presided.
In this connection, mention must be made of his
considerable talents as an organizer. The ease with
which he could present a matter, and his complete
familiarity with the whole field of radio, soon made
him a leading figure in international organizations
concerned with radio science and engineering,
especlally in the U.R.S.I. and the C.C.LLR. It
was no surprise when, after retiring from Philips
Research Laboratory, he was invited to be the first
director of the C.C.L.R. upon the establishment of
its permanent secretariat. In the time that he held
this office (from 1949 to 1956) he worked with
devotion to ensure that justice was done to pure
scientific research in the advice issued on the pre-
paration of technical regulations for international
It is scarcely believable
that, with all his activities on international com-
mittees, he should still have found the time for
abstract investigations. He succeeded in this only

radio communications.

because his zest for work was quite out of the or-

dinary, and remained with him to the end of his life.

Van der Pol maintained that only a few great men
have had a decisive bearing on the development
of physics. He used to say that, faced with the enor-
mous number of scientific investigations, it was
easy to forget that the really fundamental work is
contained in a mere handful of publications. He
himself was therefore strongly drawn towards per-
sonal contact with the leading figures in the world
of science. In that respect he was fortunate at the
very beginning of his career. After taking his degree
cum laude at Utrecht in 1916, he did experimental
research in England until 1919. At first he worked
in London under Fleming, the man who, in 1904,
was granted the first patent on a diode. There fol-
lowed a period of two years at Cambridge, where
he worked under Sir J. J. Thomson. On his return
to the Netherlands he was attached for three years
to the Teyler Foundation at Haarlem, where he
worked under Lorentz. Thus, Van der Pol was in
close association.with two scientists, one of whom
he himself wittily described as the “discoverer’”
of the electron (in 1897 Thomson had determined
the ratio e/m from electron orbits in a combined
electrical and magnetic field) and the other as the
“inventor” of the electron (in 1896 Lorentz had
calculated efm from the Zeeman effect). In the years
that followed, Van der Pol was in close contact with.

other distinguished scientists, including Appleton,

who was awarded the Nobel prize in 1947 for his
pioneering research on the ionosphere.

’




38 o . * PHILIPS TECHNICAL REVIEW

Propagation of radio waves

In England Van der Pol soon came up against a
problem which was to remain one of his great life-
long interests. We refer to the effect of the earth on
the propagation of radio waves. In 1909 Sommer-
feld 2) had put forward a theory which explained
the observed phenomena on the assumption that the
earth’s surface could be regarded as flat. As early
as 1901, however, Marconi had succeeded in sending
radio signals across the Atlantic Ocean. In 1915,
after experience had been gained in the use of un-
damped waves, it had even proved possible to
establish telephonic communication by radio across
the Atlantic. It was evident that the curvature of
the earth must have some effect on the propagation
of the waves, because linear propagation straight
through the highly absorbent earth would attenuate
the signal beyond possibility of detection. It was
conceivable that, as a result of diffraction, the waves
might follow the surface of the earth far beyond the
horizon as optically observed from the transmitting
aerial. The existing theory on this idea was criti-
cized by Poincaré, who showed in 19103) that, in the
case of diffraction, the field over great distances
must decrease proportionally to exp (—pBD/AY),
where A is the wavelength and D the distance from
the transmitter to the receiver measured over the
carth’s surface. Unfortunately, it was not at that
time possible to test this theory, since there was no
vay of deriving a reliable numerical value for the
constant f.

This was roughly the situation when Van der Pol
first came into touch with the propagation problem.
Unless the value of 8 was extremely small, the field
upon diffraction would be so strongly attenuated
that there could only be one other explanation for
the long range of the radio waves: the presence
of the ionosphere. The existance of conducting
layers at high altitudes in the atmosphere, known
as the ionosphere, was postulated in 1902 by Ken-
nclly and Heaviside to account for the propagation
of waves over great distances. The radio waves would
then follow a zig-zag path, being reflected succes-
sively from the ionosphere and from the surface of
the earth.

The mathematical difficulties of the pure dif-
fraction problem, assuming the absence of the
isnosphere, were bound up with the numerous
Bessel functions occurring in the solution. This
induced Van der Pol to encourage the mathema-
tician Watson to study this problem, at a time when

2) A. Sommerfeld, Ann. Physik 28, 665, 1909.
3) H. Poincaré, Jahrb. drahtl. Telegr. Teleph. 3, 445, 1910.
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the latter was wdrkirig on his well-known book on
Bessel functions, which appeared in 1922, Watson’s
results, which were published in 1918 %), proved
beyond doubt that the value of B was too large
(it would be 0.00376 km-¥ if the earth were a per-
fect conductor and the atmosphere completely
homogeneous) to explain the long range of radio
waves without invoking the help of the ionosphere.
The implications of Watson’s calculations were
discussed by Van der Pol in a paper published in
1919 %), . .

This did not mean, however, that further study
of the pure diffraction problem, leaving the iono-
sphere out of account, was no longer necessary.
In the first place the wave propagated along the
earth, the “ground wave”, makes an important
contribution - over short distances, particularly
during the day, compared with the contribution
from the “sky wave” which is propagated via the
ionosphere. Moreover, the ionosphere has little
cffect on the extremely short waves used in tele-
vision, frequency-modulated transmissions and
radar. The further study of the ground wave was
therefore still of importance. In cooperation with
K. F. Niessen, Van der Pol elaborated on Sommer-
feld’s theory %), which could still be used for short
distances, and made a special study of the influence
of the height of the transmitting and receiving
aerials above the ground. In later years the ground-
wave theory was worked out by Van der Pol and
the present author for distances at which the earth’s
curvature plays an essential part 7). A mathematical
method was developed for computing the fields
of the ground wave for all topographical conditions.
It was found that, even in the case of very short
waves, the decrease of the field strength beyond
the transmitter horizon was very much more gradual
than had formerly been thought. This is illustrated
in fig. 1, where the ratio of the actual field strength
E on the earth’s surface to the field strength Ep;
in free space is plotted as a function of the distance
from transmitter to receiver for a given case, viz.
a transmitter at a height of 100 metres above the
earth’s surface and surface conditions corresponding
to dry ground. The various curves show this ratio
for four different wavelengths (differing succes-
sively from the other by a factor of 10) and for
the limiting case 4 — 0. A distinct shadow effect,
whereby the field strength is reduced by a factor

4) G. N. Watson, Proc. Roy. Soc. A 95, 83, 1918.

5) B. van der Pol, Phil. Mag. 38, 365, 1919.

6) B. van der Pol and K. F. Niessen, T. Ned. Radiogen. 7,
1, 1935.

7) B. van der Pol and H. Bremmer, Phil. Mag. 24, 141 and
825, 1937.
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of at least 4 within a distancé of 5 km beyond the
horizon, does not appear until the wavelength has
dropped to about 7 mm.

The numerical results of the ground-wave pro-
pagation theory are of particular importance at
wavelengths smaller than about 10 m, in which case
the heights of the transmitting and receiving aerials
above the earth’s surface have a considerable
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The rigorous theory on which such data are
based is applicable to all problems of waves meeting
a spherical obstacle. This situation also arises when
light rays refracted in spherical drops of water
give rise to rainbow effects. These considerations
accordingly led to a new treatment of the rainbow
in terms of wave theory 7) *). '

We shall now return to those cases in which the
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Fig. 1. Attenuation of a radio wave propagated along the curved surface of the earth
(ground wave) for various wavelengths 2, calculated for dry ground and transmitter height
h, = 100 m, receiver height hy = 0 m. The ratio of the field strength F on the earth to the
field strength Eyr at the same distance in free space is plotted as a function of the distance
D. A distinct shadow effect at the optical horizon (in this case at D = 35.7 km) appears

only in the case of millimetre waves.

nfluence. During Van der Pol’s term of office with
the C.C.ILR. a wide programme of computations
was decided upon in order to get numerical data
on ground-wave propagation, including the effect
of refraction in the lowest layer of the atmosphere.
The results were published in the form of graphs 8),
an example of which is shown in fig. 2; this refers
to a wavelength of 5 m, again for representative
ground conditions (conductivity of 0.01 mho/m
and a relative dielectric constant of 10). The graph
indicates, for example, the extent to which the
field increases with increasing height h, of the
receiver for a fixed transmitter height h, of 10 m.
The results are the same if the transmitter and
receiver heights are interchanged.

8) Atlas of ground-wave propagation curves for frequencies
between 30 Mc/s and 300 Mc/s, C.C.I.R. Resolution No. 11,
Geneva 1955.

sky wave conducted via the ionosphere is more
important than the ground wave. As shown by
Watson’s calculations, mentioned above, this is the
normal state in short-wave transmissions over great
distances. The important role played by the iono-
sphere, established beyond all doubt by Watson’s
results, was later emphasized by Van der Pol in
the following sentence from his above-mentioned
inaugural speech:
“You know of that conductive layer, high in
the atmosphere, which makes radio communi-
cation over long distances possible, and whose
existence is just as important to radio tech-
nology as the existence of iron in the earth is to
electrical engineering as a whole”.

*) Editorial note: By coincidence, a part of this wave treatment
of the rainbow is to be seen scribbled on the blackboard
in the title photograph.
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Although the existence of the ionosphere was not
definitely established until 1925, when direct re-
flection measurements placed it beyond all doubt,
Eccles and. Larmor had worked out a theory as
early as 1912 for wave propagation through a con-
ductive gas, which could be immediately applied
to the ionosphere. It was found that a conductive
gas behaves formally like a medium possessing a

100
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time an apparent dielectric constant smaller than
unity. This represented experimental confirmation
of the now generally accepted propagation mecha-
nism for radio waves that are refracted in the iono-
sphere. This" whole subject was clearly dealt with
in Van der Pol’s thesis in 1920, entitled “The in-
fluence of an ionized gas on the propagation of
electromagnetic waves, and its applications in the
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Fig. 2. Vertical component of the field strength of the ground wave (in dB and in ©V/m)
of a transmitter at height k, = 10 m, computed for various distances D and receiver heights
h,, for 2 = 5 m and over slightly moist ground. The dashed curve would be obtained in the
absence of the earth. The point on each curve indicates the horizon distance when the
line connecting the transmitter and receiver touches the earth.

certain conductivity and a relative dielectric con-
stant smaller than unity. This means that the phase
velocity of radio waves in the ionosphere exceeds
the speed of light ¢ in a vacuum. However, the
corresponding propagation velocity of disconti-
nuities (group velocity) is smaller than ¢, as it
must be to accord with the principles of the theory
of relativity. By means of resonance measurements
on lecher lines, Van der Pol determined, during his
period in the Cavendish Laboratory at Cambridge,
the conductivity and dielectric constant of the
plasma in glow - discharges; these experiments
closely simulated the conditions in the ionosphere.
After experimental difficulties had been overcome,
it was possible in this way to measure for the first

field of wireless telegraphy and in measurements
on glow discharges”.

Non-linear circuits: relaxation oscillations

We shall now consider another field of research in
which Van der Pol was particularly active, that of
non-lineéar oscillations. It was understandable that
in the twenties his attention should be drawn to
this subject, since the advances already made in the
application of triode circuits made necessary a
deeper understanding of oscillation phenomena in
order to round off the theory and to discern further
possibilities. The simple linear theory of oscillatory
effects is arrived at when the iy-v, characteristic
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of the triode (anode current versus grid voltage) is
approximated by a straight line. The unsatisfactory
point is that the amplitude of the excited oscillations
then remains undetermined. The limitation of the
amplitude is due to the decrease of the slope of the
characteristic at either side of the operating point.

1764

Fig. 3. Circuit for investigating oscillations of a triode circuit,
in particular for studying the limitation of the amphtude
(leading to Van der Pol’s differential equation).

Fig. 3 shows a representative circuit for investigat-
ing these effects, in which M is the mutual in-
ductance between the grid circuit and the LC circuit
(with shunt resistance R) in the anode lead. We
take the triode characteristic to be given by:

ig=Pwa+gvg) . .... (1)

where g is the amplification factor of the triode.
The non-linear function @ of the variable u =

neighbourhood of the point u = E,:

—Ea

D(u) = B(E,) + a(“ )+

T e S

+6(" @)

The coefficients are normalized by the introduction
of the parameter k = g(M/L) — 1. This circuit leads
to the following differential equation for the time
variation of the voltage v (see figure):

Cﬁ)+3(l—a>+2ﬂv+3yv2+... %fl_”+

R dt

—i—%v:O. .. (3)

Van der Pol showed in the first place that the
coefficient f, which determines the first non-linear
term of the characteristic, so important for detec-
tion, does not in itself establish a finite value of the
amplitude. The effect of this term will merely be
to cause the angular frequency of the LC circuit to
differ slightly from its value (LC)~? in the linear

va + 8vg can be represented by a Taylor series in the -
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theory. The term with the coefficient y is the first
term to influence the amplitude. The following
terms determine less essential properties. For
example the fifth-order term in (2) is necessary in -
order to understand certain hysteresis effects, also
studied by Van der Pol ?). In his amplitude inves-
tigations he therefore confined himself mainly to
study the influence of the y term, taking £ = 0.
By neglecting all higher terms in the expansion of
the characteristic, eq. (2), he obtained from (3)
a differential equation which, after introducing
reduced variables both for the voltage v and the
time ¢, assumed the form:

where ¢ = ]'!m (a— 1/R).

This differential equation is known as “Van der
Pol’s equation”. Initial investigation of this equation
for small values of the dimensionless parameter ¢
showed that the solution, after a preliminary
“time” x, of the order of 1/e, approximates to a
normal sinusoidal oscillation of amplitude equal
to 2. Van der Pol wondered what the corresponding
solution would look like for larger values of ¢, at
least of the order of unity. The mathematical dif-
ficulties involved led him to apply a graphical
procedure, the method of isoclines 19). In the case
under consideration this amounts to reducing
equation (4) with the aid of the new variable
dy/dx = z to the following first-order differential
equation:

dz

3, = =)~ (5)

z
Plotting z against y, this equation determines at
every point a slope dz/dy, which can be indicated
by ashort dash. Drawing a continuous curve through
a series of these dashes produces a curve which
represents a possible solution in the variables y and z.
A start can be made at various points, and in this
way solutions constructed that satisfy the relevant
initial conditions. Further numerical integration
produces from each curve a solution for y as a func-
tion of x.

This procedure is illustrated in fig. 4, where various
solutions are given for the relation between y and
dy/dx, when e=1. Fig. 5 shows the solution for y
itself, corresponding to one of these, and also solutions
for y for the cases ¢ = 0.1 and & = 10, similarly

9) B. van der Pol,-Fhil. Mag 43, 700 1922.
10) B. van der Pol, Phil. Mag. 2, 978 1926.
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Tig. 4. Illustrating the isocline method of solving the dif-
ferential equation (5), for £ = 1.

obtained. It follows from fig. 5 that, as the time
increases, the solution approaches asymptotically
to a non-sinusoidal periodic function, which differs
more from a sinusoidal oscillation the larger ¢ is;
the larger the value of ¢ the sooner is the asym-
ptotic end state reached. Furthermore, the period
in this end state for large values of ¢ is seen to
approach a value Ax which is of the order of ¢; it
thus differs appreciably from the corresponding
period for very small values of ¢, which, in terms
of the reduced time unit x, approaches 2zz. Return-

ing to the original variables » and ¢ in eq. (3), this
means that the period for large values of ¢ is of the
order of magnitude of L(«— 1/R). This is a relax-
ation time, i.e. a time that determines the decay
of an aperiodic process. (Better known is the case
occurring in other circuits where a relaxation time
is determined by an RC product, see e.g. fig. 6.)
For this reason, Van der Pol gave the name relax-
ation oscillations to these oscillatory effects which,
at large values of ¢, constitute the end state of pro-
cesses defined by the differential equation (4).
Van der Pol first described these oscillations in
1926, after which he continued to investigate them,
theoretically and experimentally, in cooperation
with J. van der Mark 11). A particular study was
made of forced oscillations %), produced when an
external alternating voltage is applied to a system
like that in fig. 3. In the simplest cases the situation

can be described by substituting for the right-hand

side of Van der Pol’s equation a term proportional
to cos wt. For small values of ¢ this provided a better
understanding of already known properties of
oscillator circuits. This applied particularly to the
suppression of the free oscillation of a system that
occurs when its frequency is close to that of the
imposed external oscillation. The resultant syn-
chronism with'the latter oscillation was found to be
particularly pronounced when, with increasing ¢,
the first, approximately sinusoidal, free oscillation

- gradually changes into a free relaxation oscillation.

Another way of putting this is that the relaxation
oscillations very readily assume the frequency of a
superposed alternating voltage if the latter does

1) B. van der Pol and J. van der Mark, Onde électrique 6,
461, 1927.
12) B. van der Pol, Phil. Mag. 3, 65, 1927.
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Fig. 5. Solutions of the differential equation (4), obtained by integration from solutions of
eq. (5), for e = 0.1, ¢ = 1 and & = 10. (The variable along the abscissa, wrongly denoted
. A

by't, is the reduced quantity x.)
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not differ too much from the frequency, determined
by a relaxation time, of the natural free relaxation
oscillations. If the circuit be modified so as to reduce
this relaxation time to about half its original value,
fairly abrupt synchronization will occur with half
the frequency of the external oscillation, and after a
further change with a third of this frequency, and
so on. In other words, it is possible to generate

relaxation oscillations that can successively be .

synchronized with an external oscillation and its
sub-harmonics. These synchronization effects occur
the more readily the larger the value of ¢, or more
generally, the more numerically important are the
higher terms in eq. (2). Whilst the frequency of a
relaxation oscillation can thus very easily be in-
fluenced, the amplitude is not nearly so readily
controlled.

This synchronization with sub-harmonics later
proved to be of great practical importance in the
early development of television 13). A relaxation
oscillation is used in television for the scanning of
successive lines of the picture. With suitable cir-
cuitry a succession of sub-harmonics can be formed,
finally producing a relaxation oscillation with a
synchronized frequency of 25 (or 30) c¢/s. This is
then used to effect the return to the first line after
the complete scanning of each frame. A simple
circuit for demonstrating the frequency division
of relaxation oscillations is shown in fig. 6, where

r R
I— rLI'I.ﬂJ'LfL[W—_L
T
N _ £
L
® !
Egsin2mfyt 1766

Fig. 6. Circuit for demonstrating the frequency division pro-
duced by the synchronization of relaxation oscillations with
the sub-harmonics of an imposed voltage E,sin2nft.

the battery voltage E must be higher than the
ignition potential V, of the discharge tube B. In
the absence of the alternating voltage E,sin2zxft,
the capacitor C charges up via the high resistance
R until its voltage V reaches V;; it then discharges
through the low resistance r of the ignited gas
discharge. The discharge is extinguished when the
capacitor voltage has dropped to a value V,, after
which the charging and discharging process is
repeated. Applying now the alternating voltage
E, sin2zfyt, and continuously reduéing the fre-

13) J.vander Mark, An experimental television tfansmittelr and
receiver, Philips tech. Rev. 1, 16-21, 1936.

»
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quency of the free relaxation oscillations (which is
proportional to 1/RC) by gradually increasing the
capacitance C, it is easy to demonstrate the sudden
occurrence of synchronization with the successive
subharmonics having frequencies f,/2, f,/3, fi/4
and so on. This is further illustrated in fig. 7, where
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Fig. 7. Synchronization with sub-harmonics. The graph repre-
sents the period 1/f of the forced relaxation oscillation of the
circuit in fig. 6 excited at a constant frequency f;, while the
capacitance C is gradually varied.

the variable capacitance C is set out along the.
abscissa. The stepwise changes in the period of the
forced oscillation can be read from the ordinate.

Subsequently, in collaboration with C. C. J.
Addink, Van der Pol entered upon the study of more
general synchronization phenomena. It proved
possible to obtain synchronization not only with
frequencies fy/2,.fy/3, fo/4 etc., but also with fre-
quencies (n/m)f,, where n and m are arbitrary
integers (n may even be > m). For these experi-
ments the frequency of the imposed oscillation was
varied instead of one of the parameters of the.
relaxation oscillator 4).

Characteristic of the operation of the circuit in
fig. 6 is the occurrence of an essentially aperiodic
process (in this case the exponential charge and
discharge of the capacitor) which is periodically
interrupted and restarted at certain critical values
of a relevant parameter. Such situations are fre-
quently found in nature, and they always give rise
to relaxation oscillations. Van der Pol was struck
by their very number and variety. He drew up a
long list of examples, which included: the aeolian
harp, the scratching of a knife on a plate, the peri-
odic recurrence of epidemics and economic crises,
the periodic density variation of two (or another
even number) types of animals that live together

14) B. van der Pol, Actualités scientifiques et industrielles
No. 718, published by Hermann, Paris 1938, p. 69-80.
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and of which one serves as food for the other, the

sleep of flowers, phenomena associated with peri-

odic rain showers after the passing of a meteoro-
logical depression, and finally the beat of the heart.

The latter example led Van der Pol to a very
interesting and instructive practical application
of relaxation oscillations, namely an electrical model
for simulating all the rhythmic movements of the
human heart '*). With this system it was a simple
matter to record “electrocardiograms”, and to
study the normal heart beat as well as cardiac dis-
orders. The importance of the system to medical
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The development of the heart model out of the
work side-track

similar to that which led from considerations of

on relaxation oscillators was a
radio-wave propagation to a new wave-theoretical
treatment of the rainbow. Van der Pol liked to
point out how radio problems were apt to draw
attention to fields which, at first sight, seem to have
very little connection with radio 19).

Transient phenomena and operational calculus

Operational calculus was introduced by Heaviside
with the original object of providing a simple means

O
% +180v

Fig. 8. Circuit simulating the functioning of the heart. Resistance values in k(), capacitances
in .. The three circuits S, 4 and V, each of which can enter into relaxation oscillations
and which are coupled in a special way, represent respectively the sinus venosus, the auricles
and the ventricles. R is a delay system which simulates the transit time of a stimulus
through the bundle of His. The ignition of each of the neon lamps in S, A and V corresponds
to a systole of that part of the heart. The coupling between auricles and ventricles can be
varied with the potentiometer H (Erlanger’s experiment). Electrocardiograms can be made
by recording the current in one of the leads from point P or (.

science will be obvious. The heart may be regarded

as consisting of three systems: the sinus venosus, the
two auricles and the two ventricles. The operation
of each system can be simulated by a circuit of the
type in fig. 6. The unilateral effect of the sinus on the
auricles, and of the auricles on the ventricles, was
represented by non-amplifying triodes. After other
details of the operation of the heart had been taken
into account the model illustrated in figs. 8 and 9
was finally produced. The ignition of the gas dis-
charges in the circuits simulating the auricles and
ventricles represents respectively an auricular and a
ventricular systole. The synchronizations in this
model with subharmonics of the resultant domi-
nant heart beat can be recognized in the human
heart in certain cases.

15) B. vap der Pol and J. van der Mark, Phil. Mag. 6, 763, 1928.

Fig. 9. Photograph of the heart simulator. The three neon
lamps of the circuits S, 4 and V (see fig. 8) are mounted on the
three corresponding parts of the anatomical representation of
the heart.

16) The examples mentioned and various others will be found
in: B. van der Pol, Proc. World Radio Convention, Sydney
1938.




1960/61, No. 2

of studying switching transients in electrical net-
works. The methods devised were later developed
into a system of calculus which has proved to be
extremely useful in mathematics as a whole. No
one saw this more clearly than Van der Pol, who
demonstrated by numerous examples the possible
applications of operational methods to widely diverse
fields of study.

To illustrate the starting point of operational
calculus we shall briefly discuss an aspect of the
historical development of alternating current cir:
cuit theory, often examined by Van der Pol. At
first the aim was to determine how a certain system
responds to an externally applied harmonic vibra-
tion cos wt, or, more generally, exp jwt, where
cos wt is the real component. Investigations were
made to ascertain in what way the properties of the
system depend on the frequency f= w/27. As a
case in point we shall consider an amplifier. The
ratio G(jw) between the output voltage and input
voltage were studied in the case where both were
proportional to exp jwt. If the function G(jw) is
known, we can calculate with the aid of Fourier
analysis the output voltage for any arbitrary time
function of the input voltage. The case of the
response to a discontinuous input voltage can also
be treated in this way. In applying this procedure
it was often overlooked, however, that the complex
function G(jw) depends on two real (though mutually
related) functions, and that it is consequently not
enough to take account only, for example, of the
modulus |G(jw) | This was discussed some consider-
able time ago in this journal by J. Haantjes 17).
On the other hand, all properties can equally be
derived from the knowledge of a single real function,
such as the unit step function response G(t). This
is defined as the output voltage resulting from the
application at a given moment ¢t = 0 of a direct
voltage of unit magnitude to the input side, when
no voltage was present for ¢ < 0. (By giving the
input function unit voltage, G5 is a dimensionless
function of time.} All characteristics of the amplifier
can be described in terms of this unit function.
It can be shown that for a given arbitrary primary
voltage vy,(t) at the input, the output voltage of
the amplifier will be

+00
d
v(t) = / Gs(t — 1) © vpr(7) d7 =
-co +o0
d
= / Gs(7) P (t—r)dr. . (6)

17) J. Haantjes, Philips tech. Rev. 6, 193, 1941.
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This representation is simpler than that where the
system is described in terms of the above-mentioned
complex function G(jw), which defines the behaviour
of the system in the case of a continuous, harmonic
input voltage. If the latter function is used, the
effect of an arbitrary input voltage v, (t) is given

by the expression:

Mﬂ=%i72@®[7:wﬁ¢“”hJﬁw,U)

which is generally more difficult to handle for a non-
periodic vj(t) than eq. (6).

The above shows that it is sometimes simpler to study the
behaviour of a system with reference to a discontinuous process
(here the sudden application of a unit step voltage, giving the
step-function response Gy(t)), than with reference to a continu-
ous process (the continuous application of an alternating vol-
tage exp jwt, from t = —00 to t = +0o<). An objection to
working with the unit-step function might be that, although
mathematically easier to handle in such cases, true discon-
tinuity cannotin reality be achieved. It should be remembered,
however, that any discontinuous process can be regarded as the
limit of a physically realizable process, and that, strictly speak-
ing, there are in fact no perfectly continuous processes either.
Van der Pol once remarked that therelseemed to have been a
long-standing aversion to the'study of discontinuous phenom-
ena. He! described) this {aversion] wittily as aj“horror discon-
tinuitatis”, resembling the “horror vacui’] assumed by 17th
century physicists.

We have discussed these preliminaries to show
how useful Heaviside’s operational methods can
be for the study of electrical systems. This appears
from the fact that eq. (6) — a so-called composition
product or convolution integral, in this case of the
two functions Gg(t) and wvy,'(t) — is particularly
suitable for treatment by the methods of operational
calculus. In the version of operational calculus
adopted by Van der Pol and the author 18), to any
arbitrary function h(f) (the “original”) one may
allot a new function, the operational “image” f(p),
defined by the following Laplace integral:

+o0

ﬂm=pfﬂ%@%

-0

(8)

18) B. van der Pol and H. Bremmer, Operational calculus,
based on the two-sided Laplace integral, Cambridge Univ.
Press 1950. — The version of the operational calculus
developed in this book is characterized by the fact that the
integral in eq. (8) has the lower limit — o0, as opposed to
the more conventional definition used by Carson, Doetsch,
Wagner et al., where the lower limit is always 0. The advan-
tages of using — co as the lower limit are explained in tl}‘e

book. S
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The image of a convolution integral is simply the
product of the images of the individual factors. In
the case of eq. (6) we therefore find the operational
image of the function v(t) as the product of the
images of G(t) and vp,'(f). By finding the original
of this operational image we then have a complete
solution of the problem. ‘ ’

The other expression for v(z), eq. (7), which must

obviously be equivalent to eq. (6), has a form which -

- does not lend itself so well to an operational solu-
tion. Since eq. (7) is precisely the form most suited
for the treatment of periodic processes, we can see
why the operational calculus is less useful for dealing
with such processes than with transients. Never-
theless, eq. (7) must evidently also have some relat-
ion to operational calculus; this relation becomes
clear if we recall that (7) represents a Fourier inte-
gral which, after appropriate substitutions, can be
put in the form of the Laplace integral (8). It is
precisely the linking of operational methods to an
exponential integral of this kind (which is related
to the familiar Fourier integrals) that has made this
calculus into a rigourously grounded mathematical
tool.

In order to apply operational methods to the
solution of all kinds of concrete problems, such as
determining the above-mentioned integral (6) with
given explicit functions, it is evidently useful to
have a list of images available that correspond to
originals given by elementary functions. Van der
Pol called such a list his “dictionary”, whilst the
rules of operational calculus were the “grammar”.
One of these rules, for example, is the foregoing
theorem concerning the convolution integral.

Armed with such a grammar and dictionary Van
der Pol studied numerous properties of electrical
networks, and of filters in particular. He arrived
at theorems, often of very general application,
which concerned for instance the relation between
the unit function response of a given filter and that
of a new filter derived from it; the latter was pro-
duced from the original by replacing all inductances
by capacitances, and vice versa. General theorems
of this kind sometimes led to interesting special
cases. One notable example was the discovery that
the charging of a system of capacitors from a D.C.
source always takes place with an efficiency of
509, irrespective of the number of resistances and
inductances in the circuit 19). This is to say that
the final energy of the charged capacitors amounts
to half the’ energy which the source, after being
suddenly switched on, must deliver in order to

19) B. van der Pol, Physica 4, 585, 1937.
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sustain the currents which must flow until the system
reaches its final state. ' ”

Many of the mathematical relations discovered
by Van der Pol were arrived at quickly by the
skilful manipulation of the methods of operational
calculus. An example of such a relation in the case
of continuous functions is the remarkable and
previously unknown identity;

7 (2n)!

i —at _:. 2n —
a / [+ sin t dt - (a2+22) (a2+4_¢2) e (a2+4'n2) ’
0

for Rea>0. . ... (9)

Van der Pol liked in particular to work on rela-
tions for discontinuous functions. A representative
example is the function A,(t), which indicates the
number of pairs of integers (m,n) for which
m? 4 n? < t; operational methods led at once to
the surprising relation:

t (4 t t

a0 = i =L+ =+ oo

where the symbol [] here represents the largest
integer < the number within the brackets.

As a last typical example of the application of
operational calculus we mention the “moving
average” or “sliding mean™ theory, which was
extensively studied by Van der Pol. Starting from
an arbitrary function g(t), the sliding mean is
defined by the new function

t4-4

#0= [ s .

t—4

(11)

In many cases we want to know the function 2(1)
when g*(t) has been measured. Take, for example,
the intensity g(w) as a function of frequency w in
a spectrogram recorded with a spectrograph. Owing
to the necessarily finite width of the slit in the spec-
trograph, the actual intensity g(w) is smeared out
into a generally less-rapidly varying function g*(w).
The operational solution of this problem leads to
many ways in which g can be expressed by a series.
in g*, suitable for numerical use. '

Other subjects

In the foregoing we have discussed the most
important general subjects on which Van der Pol
was engaged. We shall now touch briefly on various
other, more specialized problems on which hé worked
for shorter or longer periods — on some all his life —
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and which will be found in the bibliography of his
numerous publications 20).

Amongst the earliest researches of Van der Pol
were special subjects concerned with the theory
of electrical networks, including current distribu-
tions in an arbitrary number of coupled circuits.
His interest in antenna theory was first aroused by
investigations into the radiation and natural fre-
quency of antennae possessing end capacitance,
during which the inadequacy of the concept of
radiation resistance was discussed. In England he
carried out experimental research on the conduc-
tivity of seawater, in connection with its bearing
on the propagation of radio waves. When he joined
the Philips laboratory his interest extended to
virtually all problems of radio technology, then
still in its early stages. Partly in cooperation with
K. Posthumus, Y. B. F. J. Groeneveld, T. J. Weijers,
G. de Vries, C. J. Bakker, W. Nijenhuis, C. J. Bouw-
kamp and others (mentioned elsewhere in this
article) he investigated the general properties of
triode characteristics, the distribution of the elec-
trical field and electron paths inside a triode, the
theory of grid detection, general properties of
oscillators and filters (including the equivalent cir-
cuit of a quartz oscillator, and the non-linear theory
of hysteresis effects in two coupled circuits, one
of which is part of a triode generator), noise in radio
valves, radiation patterns of beam antennae, and
many other subjects.

Van der Pol had an important share in the pre-
paratory work leading to the introduction of radio
broadcasting in the Netherlands. Together with
R. Veldhuyzen, M. Ziegler and J. J. Zaalberg van
Zelst be did extensive research into the field-strength
distribution of broadcast waves over the Nether-
lands. The results were plotted on charts, showing
contours of constant field strength. The deviation
of these contours from a circular shape indicated
the influence of the type of ground traversed be-
tween transmitter and receiver. In the chart for
the Hilversum transmitter on 298.8 m wavelength,
for example, the absorbent effect of the city of
Amsterdam and of the dry sandy ground of the
chain of hills east of Utrecht could be clearly seen.
This chart led Van der Pol to point out that the
field-strength distribution in the Northern provinces
would change after the damming of the Zuiderzee,
since the conductivity of this large expanse of

water would decrease as it became progressively

20) A complete bibliography of Van der Pol’s publications,
compiled by C. J. Bouwkamp, will appear shortly in Philips
Res. Repts. Lo
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less salty. This was confirmed by later measure-
ments. )

When "a new transmitter was planned to replace
the old one at Hilversum, the reciprocity theorem
was applied to determine its most favourable
location: instead of starting with a transmitter in a
central (though not yet determined) point, meas-
urements were made of the fields due to two auxil-
iarytransmitters in two distant points in the coun-
try, where reception from a centrally-situated
transmitter would have been weakest. The most
favourable site for the new transmitter was found
by determining, in the central region of the country,
at what point the received field was strongest on
the line connecting the points of intersection of
corresponding contours charted for both auxiliary
transmitters (fig. 10a, b and fig. 11).

Long before there was any question of the prac-
tical exploitation of frequency modulation, which
has since become so important in broadcasting,
Van der Pol had investigated the theory of this
system of modulation. Fundamental insight here
requires much more mathematical knowledge than
the simpler system of amplitude modulation, since
the differential equations involved can no longer be
solved by time functions proportional to exp jwt.
In the first place, Van der Pol gave a suitable defi-
nition for the vague concept “instantaneous fre-
quency”, inst. Wwriting the general frequency-
modulated signal as:

t

A cos p(t) = A cos [woi + mwo/g(t)dt + (D], (12)
0

this definition reads:

i) = - 9(0) = @y {1+ ma(0)
Together with F. L. H. M. Stumpers he then inves-
tigated the so-called quasi-stationary approximation
whereby the currents and voltages assume values
at any given instant that conform to the then -
existing value of the instantaneous frequency as
defined by (13). It was found that the current pro-
duced in an impedance as a result of a frequency-
modulated voltage is then solely determined by the
phase characteristic of the impedance 2). In the
forties Van der Pol also carried out experimental
research on frequency modulation, but lack of space
must preclude its discussion here.

In the theoretical investigation of frequency

(13)

'modulation an important part was played by

21) B, van der Pol, J. Instn. Electr. Engrs. 93 IIT, 153, 1946.
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Fig. 10. Field-strength measurements carried out in 1934 in the
central region of the Netherlands for determining the most
favourable site for the new broadcasting station, planned at
that time. In two remote parts of the country, where the poor-
est reception might be expected from a central transmitter,
two identical auxiliary transmitters were erected, one at the
Dollard estuary (wavelength 325 m), and the other at Maas-

tricht (wavelength 317 m).

a) The field distribution of the Dollard transmitter repre-
sented by contours of constant field strength. The long arrow
points to the transmitter. ’

b) The same for the Maastricht transmitter. (Note the shadow
effect due to Rotterdam.)
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Mathieu’s differential equation. More generally,
Van der Pol applied himself to the study of differen-
tial and difference equations related to radio
problems. These studies again led to many and
various investigations that had a less direct con-
nection with physical or technical questions, or
were even of a purely methematical nature. They
included theta functions, elliptic functions, the
gamma function, the theory of numbers, the prop-

BALTHASAR VAN DER POL 49

the distribution of Gaussian prime numbers. In
the system of all complex numbers with integral
real and imaginary parts, these are the numbers
that cannot be obtained as the product of two of
them. When all these two-dimensional prime num-
bers are drawn in the complex plane, a curious pat-
tern is produced (fig. 12). This was used as a table-
cloth .pattern which had particular success in
America.

Y

N

Noordzee

1t
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<

Fig. 11. The bold lines connect the places where the two auxiliary transmitters are received
with equal strength (thick central line, 1 : 1) or with an intensity ratio of 2: 1 and 1: 2.
As can be seen, the highest field strength is found on the thick line at the point 18 near
the village of Lopik (where in fact the station was subsequently built). The numbers at
other places indicate the relative value of the field which, if the transmitter of the station
had been sited there, would have been obtained in the more unfavourable of the two poor-
reception areas (Dollard or Maastricht). (Fig. 10a, b and fig. 11 are taken from B. van der
Pol, Rapport van de veldmetingen van twee bij de Dollard en bij Maastricht opgestelde
proefzenders, T. Ned. Radiogen. 7, 173-195, 1935.)

erties of prime numbers, and so on. Nevertheless,
these problems cannot be seen as entirely distinct
from radio technology. Theta functions, for exam-
ple, are related to the theory of potential functions,
and Van der Pol’s interest in the theory of numbers
was inspired by the part it plays, for instance, in
the above-mentioned synchronization effects in
relaxation oscillators. Incidentally, these abstract
researches also led to a quite unexpected “industrial
by-product”, as a result of Van der Pol’s study of

The association of mathematics and radio technology
sometimes worked in the opposite direction. We refer to an
investigation whereby Van der Pol, in cooperation with C. C. J.
Addink, used electrical techniques for studying a mathematical
function 22). The investigation concerned the determination
of the zero points of Riemann’s { function, normally defined
by the series:

1 1

qn=%+§+§+m.....u®

-

22) B. van der Pol, Bull. Amer. Math. Soc. 53, 976, 1947,
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Although this series can be used only for Re z > 1, the function
can nevertheless be defined for the whole complex plane by
means of an analytic continuation. Riemann had conjectured
that the function thus defined would possess an infinite number
of zero points, all of which would lie on the line Re z = 3.
By means of a relation derived by Van der Pol, the functional
values along this line can be associated with the simple func-
tion:
e—x/2 [ex] _ e:|7/2
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on a photocell placed behind it. The photo-current thus ob-
tained, varying with time, was mixed with a sinusoidal current
of frequency f. The resultant signal, containing the difference
tones between f and all harmonics of the periodic function
derived from (15), was used to excite a mechanical resonator
of very sharp resonance. When the frequency f was now slowly
raised from zero, each successive harmonic of the above fune-
tion excited the resonator in turn with its difference tone, and
with an intensity corresponding to the relevant Fourier coef-

Fig. 12. The black squares represent in the complex plane (with origin in the centre)
the complex prime numbers of Gauss, i.e. the numbers (m -+ jn) that cannot be written as
m - jn = (a + jb) (¢ + jd), where m, n, a, b, ¢, d are integers. This pattern was woven into
a fabric marketed by an Eindhoven textile factory.

(the symbol [] has the same meaning as in eq. (10)). In fact,
when the function (15) is cut off after a convenient large value
of x, and then periodically continued, the coefficients of the
Fourier series of the new function obtained in this way repre-
sent approximations to a series of values of the function
{(z)/z along the line Re z = 4. The problem of determining the
zero points conjectured by Riemann was thus reduced to a
Fourier analysis of the said function derived from (15). This
Fourier analysis was carried out in an elegant experiment in
which the sawtooth pattern of one period of the function in
question was cut along the edge of a disc (fig. 13). The disc
was rotated at a highly constant speed and light was passed
through a radial slit and caused to fall on the serrated edge and

ficient. By recording the excitation (as a function of f) a spec-
trum was obtained in which the required zero points of the
¢ function could immediately be seen as minima; see fig. 14.

Musical theory

We shall now turn from Van der Pol’s scientific
and technical investigations and in conclusion
touch briefly on his interest in music. Although
deeply interested in analysing the structure of a
musical work, he realized that this could never be
an approach to the creative aesthetic element —
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1617

Fig. 13. Disc with edge serrations representing part of the
function (15), for experimentally determining the zero
points of Riemann’s  function.

an element for which, as a competent musician
himself, he had a deep understanding. It was his
that

preoccupation with the theory of numbers

led him to look for mathematical laws in harmonic
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intervals 23), or, for example, to find numerical

definitions for concepts such as dissonance. In
particular he discovered that the fractions presen-
ted by the successive intervals in the diatonic scale
could be contained in a Farey series. In this case it
is the series of all irreducible fractions whose denom-
inators and numerators never exceed the number 5.
Only two tones from the diatonic sequence (the b
and the d, with ¢ as the fundamental) do not fit
into the Farey series, and the remarkable thing is
that it is precisely these tones about which there
is most uncertainty in tuning (if one is not bound
to the v(luul-lmnlwrmnvm sczllc-).

[t will not be surprising after the foregoing that
Van der Pol emphasised that the sub-harmonics
of a given note can be produced with the aid of
synchronization effects on relaxation oscillations.
In this way it was possible to confirm experimen-
tally a postulate put forward by the music theorist
Hugo Riemann, namely that the minor triad can
be regarded as the combination of the 4th, 5th and
6th sub-harmonics of a given tone, just as applies
to the major triad in respect of the 4th, 5th and 6th
upper harmonics of another tone.

#3) B. van der Pol, Muziek en elementaire getallentheorie,
Arch. Mus. Teyler 9, 507-540. 1942 (in Dutch).

Fig. 14. Recording obtained with the aid of the disc in fig. 13, giving the Fourier coefficients
of the function cut into the disc. The minima in the recording are the zero points of the
3. The first 29 zero points, denoted by dashes and Roman
figures, were already known from calculations. (The imaginary part of z is set out along

the top edge.)

C function on the line Re z
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Van der Pol possessed absolute pitch, and was
able, for example, to tune his violin to the right
pitch without a tuning fork. He enjoyed exercising
this gift and it was typical of the man that he should
develop from it yet another interesting investiga-
tion. Together with Addink he devised an apparatus
using an oscilloscope to check the tuning of an
orchestra during a performance ). From hundreds
of observations, both on permanently tuned in-
struments and on orchestras, they found that the
middle a varied from 430 to 447 ¢/s, and also that

there were quite distinct, more or less systematic

variations of this frequency during a performance.

Van der Pol’s enqhirihg mind led him to apply
the principles of science to music. For him, however,
there existed a much profounder relation between
these fields. There is perhaps no more fitting way
to end this review of the many-sided work of the
great man of science that Van der Pol undoubtedly
was, than to quote his own words, from a lecture
given at the Teyler Foundation in Haarlem:

* 24) B. van der Pol and C. C. J. Addink, Philips tech. Rev. 4,
217, 1939.
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“Is there really any difference between the inspi-
ration that leads to the conception' of a beauti-
- fully flowing melody, a rich theme or a brilliant
modulation, and that which leads to the concep-
tion of a new, elegant, unexpected mathematical
_relation or postulate? Are not both born in the
same mysterious way and do they not both often
demand laborious development? Art connotes
skill, and skill too is the handmaid of science.”

Summary. The review given deals principally with the work
done by the late Van der Pol in the years from 1922 to 1949,
when he was with the Philips Research Laboratories at Eind-
hoven. The main subjects discussed are the propagation of
radio waves, especially the influence of the ground conditions
on ground-wave propagation; non-linear circuit phenomena
(in particular relaxation oscillations described by the “Van der
Pol equation”, and their synchronization); transients and
operational calculus, which (following Heaviside, whom he
greatly admired) Van der Pol used as a fruitful heuristic and
later rigorously founded method. A brief discussion is devoted.
to various other subjects treated by Van der Pol in his numerous
publications, including mathematical investigations promp-
ted by problems of radio technology, such as the application
of Mathieu’s equation to frequency-modulation problems,
and also studies relating to subjects of pure mathematics, such.
as elliptic functions and the theory of numbers (especially the
properties of prime-numbers). Finally some examples are given
of Van der Pol’s interest in music and the theory of music.
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DEMOUNTABLE SEALS FOR GLASS HIGH-VACUUM EQUIPMENT

by B. JONAS *) and G. SEITZ *).

666.1.037.4

An interesting variant is described of known methods of sealing glass components. The crux
of the method is the inclusion of a metal ring in the seal. This makes it possible to disconnect

the sealed parts in a maiter of seconds, without causing damage.

There are many industrial products in which
replacements or modifications have to be made after
assembly. For this purpose it must be possible to
dismantle the product without causing significant
damage. In the case of products made partly of
glass, this reversal of the fabrication process may
present difficulties. For conventional electron tubes
and gas-discharge tubes the vacuum envelope and
the seals are therefore constructed without a view to
dismantling. Nevertheless, glass vacuum vessels
that can be dismantled are quite important in
certain products that are expensive and made
only in small quantities and in laboratory work
(experimental apparatus with interchangeable com-
ponents) and development work ). The ways and
means that have been devised to circumvent these
difficulties are many and various, and include
ground-glass joints of diverse kinds, rubber gaskets
and wax seals, etc. The drawback of such devices
is that they do not allow degassing at a sufficiently
high temperature; as a rule, therefore, they can be
used only if the glass tubes to which they are fitted
are kept continuously connected to a pump during
operation.

We shall describe here a method based on a tech-
nique which has been used for certain radio tubes,
and which has now been developed to meet more
stringent requirements. First a few words about
the older technique.

In order. to be able to dismantle a vacuum vessel
(of hard or soft glass) the glass envelope can be
made in two parts that meet in a circular seam. If
this seam is filled with a glaze which has a low melt-
ing point (fig. 1) the joint can later be opened again
by melting the glaze — without exceeding the soften-
ing point of the glass envelope — in exactly the
same way as two metal parts soldered together are
disconnected by melting the soldered joint. As
stated, a “glazing” technique of this kind was used

*) Zentrallaboratorium Allgemeine Deutsche Philips Industrie
GmbH, Aachen Laboratory.

1) For details of vacuum-tight seals in metal vacuum equip-
ment, see N. Warmoltz and E. Bouwmeester, Philips tech
Rev. 21 173, 1959/60 (No. 6).

for a time in the manufacture of radio tubes. In the
“Rimlock™ range of tubes %), for example, the glass
parts were not fused directly together, but bonded
by means of a glaze seal, as in fig. 1. This technique
was used here to prevent damage to the cathode,
not with a view to the possibility of dismantling
the tube.

| |

a---|< ' L/
4

Fig. 1. Schematic representation of a glass seal using a glaze.
a cylindrical glass envelope, b base, ¢ melted glaze.

Having regard to the widely different properties
of the types of glass used in tube manufacture (see
Table I) the question arises whether such a method
could find “general application or would only be
feasible in special cases. To effect a bond as des-
cribed above, the following cond1t1ons must be
fulfilled: '

1) In the interval from room temperature to the
temperature at which the tube glass begins to
soften, the thermal expansion of the glaze must
match that of the tube glass (to a first approxi-
mation they should be equal).

2) The flow point of the glaze must be sufficiently
low so that softening and consequent defor-
mation of the glass envelope cannot ocqur.“

2) See ¢.g. G. Alma and F. Prakke, Philips tech. Rev. 8,
289, 1946.




54

PHILIPS TECHNICAL REVIEW |

VOLUME 22

Table I. Data relating to the sealing of glass parts using a glaze (and suitable metals

for sealing in these glasses). X 107 denotes

the thermal expansion between room tem-

perature and the annealing temperature of the glass; T\, is the highest temperature
which the various kinds of glass can withstand without deforming (corresponding to a
viscosity of approx. 2.5X 10'2poise); T' is the flow point of the glazes (corresponding to

approx. 10¢ poise) 3).

Glasses Glazes
Fused silica and Normal hard Normal soft Soft glass types Zinc- Lead-
glasses of glass (boro- glass (lime with high thermal borate borate
extremely high silicate glasses). or lead glasses). [expansion coefficient] glazes - glazes
Si0, (or Al,Oy) Suitable metals: Suitable metals: (lime and lead
content tungsten, fernico platinum, glass with high
“and molybdenum " nickel-iron alkali content).
and chrome-iron Suitable metals:
nickel and iron
ax 107 (°C) 6 - 40 35 - 55 85 -110 115 -130 36 60 - 80-140
T (°C) 1300 - 700 750 - 520 600 - 450 500 - 400
T, (°0) . 750 - 550 | 500 - 300

Now it is possible to prepare glazes — on a basis
of lead or zinc borate — possessing any desired
coefficient of expansion, provided it is not unduly
low. In most cases, then, the first condition can be
met. A circumstance favourable to the fulfilment of
the second condition is that the kinds of silicate glass
used for tubes are “long”, i.e. they all exhibit a
relatively slow drop in viscosity with rising tempe-
rature, as required in the usual working procedures,
whereas the glazes referred to, not only soften at
relatively low temperature, but are “short”, i.e.
the drop in viscosity with rising temperature is
fairly steep.

Tt becomes difficult to meet both the above

“conditions for the glaze only when the tube glass
combines a low softening point with a low coefficient
of expansion (¢ = 40 to 45Xx1077), as required for
sealing-in tungsten leads, for example. (No suitable
glazes are known for types of glass whose thermal
expansion coefficient is smaller than this.) ’

We have tacitly assumed in the forégoing that it
is possible, during the sealing or unsealing, process,
to heat the whole envelope evenly. This is no problem
if the tubes are small. The larger the objects, how-
ever, and with them the diménsiqps of the fur-
nace, the more difficult it becomes to apply the
process. Moreover, protracted heating at. the tem-
perature involved may be harmful to certain com-
ponents inside the tube. '

In such cases the aim will be to confine the heat-
ing to the glazed joint and to narrow zones of the
glass envelope on either side. The axial temperature

3) See e.g. G. Ch. Monch, Neues und Bewihrtes aus der Hoch-
vakuumtechnik, Knapp, Halle a.d. Saale-1959;
W. H. Kohl, Materials technology for-electron tubes,
Reinhold, New York 1951; . .
J. H. Partridge, Glass-to-metal seals, Soc. of Glass Techn.,
Sheffield 1949.

gradient of the glass wall in this region must be
such that, with the given geometry, the glass will
not crack. The temperature distribution in the wall
is roughly as shown in fig. 2. The arrows indicate

« 1939

Fig. 2. Longitudinal section of the wall of two cylindrical glass
tubes sealed by a glaze; a-glass wall, ¢ glaze. The drawing shows
the isotherms inside the- glass wall at the moment when the
viscosity of the glaze Kas dropped sufficiently to permit com-
pletion of the joint. Theisotherm at the flow point is shown by a
dashed line. The arrows indicate the applied heat flow.
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the direction of the heat flow applied. The kind of
heat source is immaterial here, what is important
is that when heat is applied externally there must
always be a fairly wide belt of high temperature
if the flow point is to be reached over the whole
width of the joint. Otherwise the joint will not fill
out to the edge with molten glaze, resulting in poor
bonding. Experiments have shown that the width
of the zone subjected to temperature above the flow
point should be nearly ten times the wall thickness.

At either side of this hottest zone there are
then areas in which the temperature gradually drops
to the general temperature of the whole tube, i.e.
the temperature to which the tube as a whole may
permissibly rise during the sealing or unsealing
process. The higher this general temperature may be,
the less danger there is of cracking. This is especially
important if the tube has an awkward shape, e.g.
if it is very compact or has flat surfaces perpen-
dicular to the long axis.

As we have seen, the above principles makes it
possible to seal glass parts together and to separate
them again without damage and without causing
undue softening of the glass. The method is not
suitable, however, if there are components near the
sealing zone that cannot tolerate either a high tem-
perature gradient or high temperatures.

In this respect the “glazing™ technique can be
considerably improved if the heat source used for
attaining the flow point in the joint is transferred
to the joint itself. For this purpose a metal ring,
coated on both faces with an appropriate glazé, can
be introduced between the parts to be joined and
can serve there as a heating element, either by
inductive coupling or by the direct passage of
current through it. The ring is bonded to the tube
walls as the glaze melts, and forms part of the seal
when the glass has cooled. The sealing technique
evolved from this idea has been investigated on
a number of cases in the Aachen laboratory, and

will now be discussed.

First, some general observations. The energy'

supply is stopped as soon as the glaze is judged to
be properly fluid, a state which is very soon reached
once heating has begun. That is the moment for
effecting the mnecessary displacements, i.e. final
alignment when sealing the parts, and pulling apart
when unsealing them. :

Glazing the ring beforehand, as referred to above,
appreciably shortens the period of high tempera-
tures, and thus facilitates the sealing process. In

simple cases, however, both operations can be com-

bined.
Here, too, it is obviously an advantage, and

Al

.
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indeed often essential, to preheat the complete tubes
to a certain general temperature; this accelerates
the sealing process and reduces the danger of crack-
ing. Where the tubes are very long it is sufficient,
of course, to preheat only the area surrounding the
sealing zone. Preheating temperatures should not
generally exceed 300 to 350 °C; as mentioned, tem-
peratures higher than this may be damaging to
components inside the tube.

The temperature distribution in the tube wall
for the new method is roughly as shown in fig. 3.
The differences compared with fig. 2 are immediately
evident: the hottest zone (temperature above the
flow point) has shrunk to a narrow strip on either
side of the metal ring; the flow temperature can be
attained everywhere in the joint at a much lower
maximum temperature. An advantage not at once
apparent from the figure is that the situation de-
picted is reached in a matter of a few seconds after
switching on the power. This means that the heat
supply needed to bring the glaze to the flow point
is small, and thus that the dangerous temperature

Y
‘ |

y |

A .
a----{=" 7 I
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Fig. 3. As fig. 2, but a metal ring is now embodied in the joint.
a glass wall, ¢ glaze, d metal ring. The isotherm at the flow
point is again a dashed line. The other isotherms are shown
in the same steps as in fig. 2. -
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range is held only for a short time — a particularly
important point where a glaze of relatively high
flow point has to be used, as for example with types
of glass having a low expansion coefficient (e.g.
for use with tungsten-wire seals).

Having considered the broad outlines of the
method, we can now touch on various particulars,
including the choice of materials. As indicated in
Table I, for almost every value of expansion coef-
ficient of practical importance in tube manufacture
there are several combinations of metal and glass
available, each one of a pair matching its partner in
expansion. A seal of two such materials, provided
it is properly cooled, contains no dangerous stresses
and hence has no tendency to break. Most of the
sealing metals given in the table are of course also
suitable for the heating ring in the method under
consideration, the requirements in both cases being
the same. Of course, the treatments of the various
metals and alloys that may be necessary in practice,
to prevent bubble formation, for example, or to

improve the adhesion to the glass, are also needed

VOLUME 22

here; they are carried out before the preparatory
glazing of the ring.

It has been emphasized that the sealing of glass
parts by means of a glaze can succeed only if the
materials involved meet fairly stringent require-
ments as to their behaviour during expansion
this being equally valid, as a rule, for glass-to-
metal seals. In radio-tube manufacture, however,
another technique of glass-to-metal sealing is
widely used in which considerable differences in
expansion are permissible. In these seals, cracking
of the glass is precluded by using a metal part capable
of plastic deformation, to compensate for the dif-
ferences in expansion. This calls for metals of low
yield point (see Table 1) and also for a design that

Table II. Yield points at room temperature of some suitable
sealing metals. At higher temperature these values are con-
siderably lower.

. 30 - 50 kg/mm?
. approx. 15 kg/mm?
6 kg/mm?*

. approx. 2.7 kg/mm?

Sealing alloys

Copper (commercial)
Copper (OFHC)
Aluminium (99.999;) .

. approx.

1944

Fig. 4. Some glass high-vacuum seals, made by the method described.

a) Flanged tubes of soft glass, with copper ring.

b) Flanged tubes of soft glass, with aluminium ring. The aluminium “winL;s” serve as cur-
rent leads for heating by direct conduction.

c) Seal of glass cap and cone with copper ring and projecting wings for current supply
(soft glass).
d) Seal of glass cap and tube with fernico-type alloy (hard glass).
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‘limits the magnitude of the forces produced (small
cross-section of metal) and avoids tensile stresses
in the glass %). Copper, gold and silver can be used
with advantage here. If copper is suitably pre-
treated it bonds excellently with all hard and soft
types of glass, provided only that the temperature
during the sealing operation remains below the
melting point of copper and that strong oxidation
can be avoided.

The latter conditions are easily be met when
applying the “flowing”-metal principle to the sealing
method under consideration. This makes it possible
to work at a relatively low temperature and more-
over in any desired atmosphere. Indeed, the use of
aring of “flowing” metal in the joints discussed here
offers significant practical advantages. To begin
with, it adds aluminium to the small number of
eligible metals. Aluminum bonds excellently to the
type of glaze under consideration, and it also pos-
sesses outstanding virtues as a material for use in
high-vacuum techniques. Because of its low melting
point, however (657 °C), it has not been used hith-
erto for a direct glass-to-metal seal. This is again
the limiting factor: aluminium can be used only for
soft types of glass, since the flow points of all known
glazes for hard glass are too close to the melting
point of aluminium, or may even be higher.

Another advantage is that, if flowing metals are
used and the rings are introduced as in fig. 3, the
metal insert need not be so very thin as one might
expect it to be. If the ring is of pure copper, it can
have a thickness from 1 to 1.5 mm; if it is of pure
aluminium, a thickness of 2 to 3 mm is permissible.
This makes the rings much easier to handle, both
mechanically and thermally. The dimensions are
even more favourable where cylindrical seals are
concerned (according to Housekeeper’s method 5)).
It will also be plain that the purer, i.e. the softer
the metal, the thicker the ring may be. It should
be added that rings that are not too thin have the
further advantage of making a good vacuum seal
possible between glass parts of very different thermal
expansion coefficient.

Fig. 4a-d shows a number of glass joints made by
the method described.

Soft metals possessing a high coefficient of expausion, dif-
fering widely from that of the glass, do have a certain drawback
compared with metals and alloys whose expansion matches
the glass. The latter allow considerable freedom as regards

%) See J. L. Ouweltjes, W. Elenbaas and K. R. Labberté,
Philips tech. Rev. 13, 109, 1951/52, in particular fig. 7,
and B. Jonas, Philips tech. Rev. 3, 119, 1938.

5) See the book by Partridge referred to under 3), p. 160 et
seq., and that by Kohl, p. 60 et seq.
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the shape of the joint, whereas the former demand a construc-
tion in which the outside and inside edges are left uncovered,
as in fig. 3. Soft metals having a high expansion coefficient are
therefore not suitable where — e.g. for reasons of insulation —
a complete covering is necessary. Even a local overflow of
glaze can easily cause a crack. The reason is evidently that the
glass in such a case hinders the plastic flow of the metal. Quite
small differences in expansion can then give rise to large forces
which, at certain critical places — the glass or the metal itself,
or the bond between them — may cause cracks or fracture.
If protruding edges are permitted, a seal as illustrated in
fig. 5 is advantageous, particularly in the case of relatively weak
glass walls. The flanges make it possible to use metal rings of
comparatively large cross-section (see also fig. 4a and b).
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Fig. 5. Tube closed by glass cap. a flanged glass tube, b langed
glass cap, ¢ glaze, d metal ring.

The considerations discussed in the foregoing
were prompted by the question whether it was
possible for the purposes of vacuum technique to
make glass joints that would meet various con-
flicting requirements. They were to be capable
of withstanding the necessary pumping tempera-
tures, they should enable the tubes to perform
their function after sealing-off, and they should
be demountable without seriously damaging them
or exposing them to high temperatures. In this
brief report of our investigations, it is shown,
in general terms, how far these objects can be
achieved using glazed joints with the heat source
embodied in the joint itself. Details of the method,
for example the precise choice of glazes for hard and
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‘soft glass, and of alloys for glass-to-metal seals for
the various types of hard glass, are, however, out-
side the scope of this article. )

Summary. The method described here of making vacuum-tight
demountable glass seals uses a metal ring coated on both
sides with a suitable glaze. When the ring is heated, e.g.
inductively, the glaze melts and the preheated glass parts are
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then pressed together. Embodying the heat source in the joint
results in a favourable temperature distribution, the zone of
highest temperature (and steep temperature gradient) being
restricted to the immediate vicinity of the joint. Moreover
the amount of heat supplied and the heating time are reduced
to a minimum. As the metal ring remains in the joint, it can
later serve again as local heat source if the joint is to be un-

_sealed, without damaging the parts. A further advantage when

the ring is of a soft metal is that, being capable of plastic
deformation, it allows fairly wide disparities between the ther- -
mal expansion coefficients of the glass parts joined.,

\
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2738: H. B. G. Casimir, J. Smit, U. Enz, J. F. Fast,
H. P. J. Wijn, E. W. Gorter, A. J. W.
Duyvesteyn, J. D. Fast and J. J. de Jong:
Rapport sur quelques recherches dans le
domaine du magnétisme aux Laboratoires
Philips (J. Phys. Radium 20, 360-373, 1959,
No. 2/3). (Report on various researches at
Philips in the field of magnetism; in French.)

In the first part of the paper the crystalline
anisotropy of a number of hexagonal oxidic com-
. pounds containing barium is discussed. In the
absence of an external magnetic field the magne-
tization vector can point in an arbitrary direction
with respect to the c-axis. This behaviour can be
described with two anisotropy constants. Examples
are given of materials with a preferential direction
(c-axis), with a preferential plane (basal plane) as
well as with a preferential cone for the magneti-
zation vector. The latter case occurs at relatively
low temperatures in crystals containing cobalt.
There are also materials in which, at different tem-
peratures, all three types of anisotropy occur. The
relatively weak anisotropy in the basal plane, which
has six-fold symmetry, has been measured. In
crystals having only trivalent metal ions, two such
ions can be replaced by one divalent and one qua-
drivalent ion. It appears that substitution of cobalt
again promotes the occurrence of a preferential
plane of the magnetization, as in the oxides which
contain divalent metal ions. The classical dipole-
dipole energy has been computed and it is shown
that it can account for the observed anisotropy in
the structure containing two successive barium
layers, which, although not containing cobalt, shows
a preferred plane for the magnetization vector. The
anisotropy in the structure containing single barium

layers, which has a preferred direction of the mag-
netization vector, is not explained by this mecha-
nism, and presumably originates from spin-orbit
interaction. The influence of controlled precipi-
tation on the magnetic properties of alloys is dis-
cussed in the last section. With the aid of an electron
microscope it is shown that a precipitate, consisting
of long parallel needles in the optimal case, causes
the high (BH)yax value (up to 12X 10° gauss-oer-
steds) of single crystal “Ticonal” (“Alnico”) con-
taining 349, cobalt, that has undergone a special
heat treatment in a magnetic field. It is further
shown that a (110) [001] texture can be obtained
in 3Y%-silicon iron only if the metal contains a
precipitate of favourable composition (e.g. Si,N,
or MnS) and division.

2739: F. L. H. M. Stumpers: Interpretation and
communication theory (Synthese 11, 119-
126, 1959, No. 2).

This article (contribution to a symposium held
in 1954) describes in brief the analogy between the:
interpretation of translated texts and the inter-
pretation.of messages transmitted over noisy trans-
mission channels. Also discussed are some of the
statistical methods from communication theory
that have been applied for the quantitative study
of literature and language.

2740: P. M. Cupido: Some views on automatic:

control in glass factories (Glastech. Ber..
32 K, I/1-1/5, 1959, No. 1).

A brief outline is given of some different modes.
of automatic control and the stability of the
controlled system. The application of automatic
control in glass processes is discussed. It is no-
remedy for bad furnace design or bad process
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conditions, but it will give a sound background
for studying the process and will make it possible
to evaluate improvements. If the optimum settings
for the improved process have been found, auto-
matic control will be the most reliable means of
keeping the process conditions within the necessary
limits.

2741: A. M. Kruithof and A. L. Zijlstra: Different
breaking-strength phenomena of glass objects
(Glastech. Ber. 32 K, III/1-I11/6, 1959, No. 3).

Survey of the mechanical strength of various glass
objects. Not only thin glass fibres but also massive
glass objects can have very high strengths
(200 kg/mm?) if care is taken that the surface is not
damaged. From this it is concluded that the struc-
ture has only a secondary effect on the strength.
A kind of “strength scale” is constructed showing
how various combinations of structure and surface
effects give rise to various levels of strength.

2742: J. Goorissen, F. Karstensen and B. Okkerse:
Growing single crystals with constant resis-
tivity by floating-crucible technique (Solid
state physics in electronics and telecommuni-
cations, Proc. int. Conf., Brussels, June 2-7,
1958, edited by M. Désirant and J. L.
Michiels, Vol. 1, pp. 23-27, Academic Press,
London 1960).

See Philips tech. Rev. 21, 185-195,1959/60 (No. 7).

2743: J. H. Uhlenbroek and J. D. Bijloo: Investi-
gations on nematicides, II. Structure of a
second nematicidal principle isolated from

Tagetes roots (Rec. Trav. chim. Pays-Bas 78,
382-390, 1959, No. 5).

A second nematicidal principle isolated from
Tagetes roots has been identified as 5-(3-buten-1-
ynyl)-2,2-bithienyl. Upon catalytic hydrogenation
5-butyl-2,2’-bithienyl was obtained which by com-
parison of infrared spectra proved to be identical
with a synthetically prepared sample. The 5-(3-
buten-1-ynyl)-2,2’-bithienyl was further character-
ized by its infrared absorption.

2744: H.F. Hameka: Berechnung der magnetischen
Eigenschaften des Wasserstoffmolekiils (Z.
Naturf. 14a, 599-602, 1959, No. 7). (Calcula-
tion of the magnetic properties of the hydro-
gen molecule; in German.)

To calculate the proton screening and, the mag-
netic susceptibility of the hydrogen molecule, wave
functions are introduced built up from calibration-
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invariant atomic wave functions. The calculation is
done for two cases, the ground-state wave function
being described either by the Wang or the Rosen
approximation. In the first case the nucleus screen-
ing constant turns out to be 2.631x10-3 and the
susceptibility —3.920 X 10-6, In the second case the
values are 2.732X10-% and —4.045 x 109, respec-
tively.

2745: N. W. H. Addink: Note on the analysis of
small quantities of material by X-ray fluores-
cence (Rev. univ. Mines 102, 530-532, 1959,
No. 5).

One point of particular importance in X-ray
fluorescence analysis is the so-called inter-element
effect: fluorescent radiation originating in one ele-
ment A in a sample is partially absorbed by an
element B, to an extent depending on the concen-
tration of B. In the present investigation it is shown
that this spurious effect can be eliminated by a) the
use of only dilute solutions, b) the use of thin layers
of powdered materials (sample required less than
1 mg). With method (b) systematic errors are held
to within 49%,. ‘

2746: G. Klein and J. M. den Hertog: A sine-wave
generator with periods of hours (Electronic
Engng. 31, 320-325, 1959, No. 376). .

By means of an inverse-function generator it is
possible to derive a triangular voltage accurately
from a sinusoidal one. By applying negative feed-
back the reverse can also be achieved. Making use
of this possibility an ultra-low frequency sine-wave
generator was designed for maximal periods of
3% hours. The distortion is then negligibly small.
If a slight distortion is permissible, this period can
be increased considerably. An important feature of
this generator is the fact that no transient phenom-
ena occur. The inverse-function generator can also
be used for various other purposes, one of them being
a logarithmic voltmeter covering the range from
approximately 10 mV to some tens of volts.

2747: C. J. M. Rooymans: A new type of cation-
vacancy ordering in the spinel lattice of In,S,

(J. inorg. nucl. Chem. 11, 78-79, 1959, No. 1).

In,S; has a crystal structure closely similar to
the spinel structure: the formula can be written
Ing/sU],/5S,, analogous to spinel AB,0O, or AB,S,. In
contrast to y-Fe,05, In,S; has cation vacancies in
certain tetrahedral positions; these positions are
ordered, giving rise to a superlattice.’
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2748: D. J. Kroon, C. van de Stolpe and J. H. N.
van Vucht: Etude de la résonance nucléaire
magnétique de I’hydrogéne inclus dans
I’alliage Th,Al (Archives des Sciences 12,
fase. spéc., 156-160, 1959). (Nuclear magnetic
resonance study of hydrogen in Th,Al; in
French.)

Per molecule in the crystal of ThyAl there are four
sites capable of accommodating hydrogen atoms. If

only two of these sites are occupied by protons
(ThyAlH,), the diffusion rate of hydrogen in the
crystal is high at room temperature, resulting in a
narrow resonance line. Below 100 °K this motion
ceases and a broad resonance line results. From the
temperature dependence of the line width it is found
that the diffusion activation energy is 0.22 eV. Simi-
lar measurements have been made for Th,AlH,.
From the shape of the resonance line in this case it
is concluded that there is a certain equilibrium
between “free” and “bound” hydrogen. If proton
motion is hindered because all interstitial sites are
filled (Th,AlH, and Th,AlH,D,), the line is broad
even at room temperature. (See also Philips tech.

Rev. 21, 297-298, 1959/60, No. 10.)

2749: J. S. van Wieringen and A. Kats: Para-
magnetic resonance of hydrogen in fused
silica (Archives des Sciences 12, fasc. spéc.,
203-204, 1959).

Pure fused silica shows neither optical absorption
nor paramagnetic resonance after irradiation with
X-rays at room temperature. On the other hand,
irradiation at the temperature of liquid nitrogen
produces two absorption bands in the ultraviolet
and a paramagnetic resonance spectrum whose
intensity grows with the percentage water present.
Paramagnetic resonance measurements suggest that
the colour centres responsible for these effects are
hydrogen atoms. They disappear after a few minutes
at a temperature of 10-20 °C above that of liquid
nitrogen.

2750: J. Davidse and B. T. J. Holman: A suppres-
sion filter with variable bandwidth (T. Ned.
Radiogenootschap 24, 199-209, 1959, No. 4).

This paper deals with the design of a notch filter
with variable bandwidth. The loading capacitance
is neutralized by means of a feedback circuit; in
addition with this circuit negative load resistances
can be realized. In this way very small bandwidths
can be obtained. It is shown that bandwidth
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variation can be obtained by variation of the loading
resistance. The transient response and the overshoot
of the filter are calculated. Finally the practical
circuit is given and discussed briefly.

2751: G. D. Rieck: Rekristallisation von Wolfram-
drihten (Hochschmelzende Metalle, 3rd Plan-
see-Seminar, Reutte/Tirol, June 22-26, 1958,
edited by F. Benesovsky, pp. 108-119;
published 1959). (Recrystallization of tung-

sten wires; in German.)

Tungsten for use in incandescent filaments is
provided with a “dope” which promotes the growth
of large crystals during recrystallization. These
crystals show a fragmentation structure, in particu-
lar after bending, from which it can be concluded
that the residues of the dope are present as filaments
parallel to the wire axis. These large crystals have an
orientation — the [531] direction lies in the wire
axis — that differs from the texture of the small
crystals of pure tungsten and which appears to
depend on the action of the dope. The occurrence
of this particular orientation should not be attri-
buted to a deviation from the dra\Qing texture, but
can be explained by two facts. Firstly this orien-
tation is able to survive the glide process occurring
during deformation of the crystallites, whereas else-
where a [110] texture arises. Secondly the damaged
walls of impurities inhibit the growth of these grains
less than that of others.

This interpretation of crystal growth also provides
an explanation of the observed fragmentation
phenomena.

2752: J. M. Stevels: L’évolution de la technologie
et de la recherche verriére depuis la guerre
(Vetro e Silicati 3, No. 14, 23-30, 1959).
(Glass technology and research since the war;
in French.)

The author demonstrates that the development of
glass technology and research since the war has been
extraordinary. The paper includes the following
three sections: 1) basic research on glass, 2) manu-
facture of glass objects, 3) improvements in glass.
It is interesting to note that there have been two
different trends recently in the technology of glass:
1) realization that partially crystallized glass has
particularly attractive properties, 2) realization that

very often it is the finishing of the moulded glass . -

that makes its excellent properties evident.
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EXPLORING THE ATMOSPHERE WITH RADIO WAVES

by H. BREMMER.

538.56:621.396:525.7

In his inaugural address as extra-mural professor of the Eindhoven Technische Hogeschool
on 12th February 1960, Dr. Bremmer spoke on the ways in which study of the behaviour of radio
waves has enriched our knowledge of the atmosphere. In recent years important new discoveries
have been made possible by the development of space research, enabling radio transmitters to be
sent out beyond the ionosphere, and by the application of highly sensitive radar methods to

observations from the earth.

With Professor Bremmer’s kind consent and cooperation we print below the main contents
of his address * ), supplemented by some illustrations and a bibliography.

In recent years space research has enabled us to
enrich our knowledge of the physico-chemical struc-
ture of the atmosphere which, in its turn, helps to
promote the advancement of space research itself.
It is well known that rockets and artificial satellites
are equipped with measuring instruments, and that
the results of the measurements are sent back to
earth in code form by a small radio transmitter in
the vehicle. It is not so widely realized that the
radio waves thus transmitted can also, during their
travel, provide us with direct information on the
space through which they pass. The behaviour of the
waves is affected by this space, albeit very slightly.
Radio waves transmitted from earth are similarly
affected, since they too must cover a shorter or
longer path through the atmosphere before reaching
a receiver. In the latter case, however, it becomes
extremely difficult to obtain information on the
structure of the atmosphere above a height of about
400 kilometres. Unless very special installations are
used, this is the maximum altitude reached by waves
from a terrestrial transmitter, in so far at least as
they return to earth at all after attaining a highest
point and can be detected on earth. With rockets,
on the other hand, radio investigations of the atmos-
phere can be continued beyond the 400 km limit.
Projects of this nature were carried out on a limited

*) Published (in Dutch) by J. B. Welters, Groningen 1960.

scale during the recently concluded international
geophysical year.

In the following we shall review the background of
investigations in which radio waves are used to
examine the structure of the atmosphere. In doing
so we shall discuss both the results achieved with
rockets and those obtained by measurements from
the earth’s surface.

The ionosphere as a hypothesis to explain the range
of radio waves

Physically, radio waves are related to visible light
waves. Both are propagated at a constant speed

"and along straight paths only when the space

through which they pass is either a vacuum or per-
fectly homogeneous in composition. Our atmosphere,
however, is only an approximation to a homoge-
neous space. Variations in local weather conditions
are evidence that the detailed structure of the at-
mosphere must differ from place to place. The paths
of radio waves will therefore be bound to show de-
viations from straight lines. The fact that these
deviations can be considerable was a conclusion
reached when it proved possible with certain trans-
mitters to achieve world-wide radio communication.
If radio-wave propagation were essentially recti-
linear the service area of a transmitter would not
extend much beyond the horizon as seen from the
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aerial. More distant receivers lie below this horizon
and cannot be reached by straight connecting lines
from the transmitter.
reception might still be expected for some distance
beyond the optical horizon, i.e. up to the first part

of the shadow region, into which radio waves are °

diffracted to some extent —more than in the case of
light waves. The depth of penetration beyond the
transmitter horizon can be found mathematically.
Investigations by Watson!)*) in 1918 proved be-
yond doubt, however, that it was not possible in
this way to explain the reception all over the earth
of stations working in the wave band between
100 m and 10 m, later so widely used.

As carly as 1902, Heaviside in England and Ken-
nelly in America had concluded intuitively that the
explanation for the great range of radio waves was
to be sought in a non-homogeneous structure of the
atmosphere. They put forward the hypothesis of a
conducting layer at high altitude. The radio waves
would thenbe able to reach any point of the earth by
zigzag paths, being alternately reflected from this
layer and from the earth’s surface. Heaviside
moreover suggested that the layer might contain
charged particles formed by the ionizing action
of the sun, a supposition that was later shown to be
correct. Incidentally, the possible existence of such
a conducting layer had already been considered in
1878 by Balfour Stewart as a likely explanation of
the daily variation in the earth’s magnetism. This
ionized region of the atmosphere, originally called
the Kennelly-Heaviside layer, is now known as the
ionosphere.

Sounding the ionosphere

The ionosphere was at first merely a hypothesis to
help explain disparate phenomena, and nothing at
all was known about its height above the earth or
about its other properties. It was not until 1925 that
Appleton and Barnett estimated its height by an
interpretation of the effect of fading, i.e. variations
of the received strength of radio signals ?). They
showed that medium-wave fading in the hours of
darkness could be understood by assuming that
two waves reached the receiver simultaneously, one
propagated along the surface of the earth, the
“ground wave”, and the other reflected from the
ionosphere, the “sky wave”. The observed fading
could be explained by the interference of these two
waves if the ionosphere were at a height of about
85 km. In the same year this height was first deter-
mined, more directly and accurately, by Breit and

*) References are given at the end.of this article.

Nevertheless, reasonable °
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Tuve 3). They calculated it from the observed dif-
ference in the times of arrival of the ground and sky
waves. This is in fact the earliest known example of
a radar experiment, since it involved an object that
reflects radio waves (the ionosphere) which is not
only detected but whose distance is determined. In
their publication on the subject, Breit and Tuve
remarked at the time: “We are hoping that such
experiments will be performed by others as well as
ourselves™. Their hope has been fulfilled with a

-vengeance. More than a hundred observer stations

are now daily carrying out numerous measurements
on the principle indicated by Breit and Tuve. The
simplest form of measurement consists in determin-
ing the time taken by a vertically transmitted sig-
nal to reach the ionosphere and return to earth. This
is referred to as the echo time. Systematic “echo-

sounding” of the ionosphere has become routine
work, comparable . with regular meteorological
observations.

The echo effect mentioned depends on the wave-
length or frequency used. The higher the frequency,
the deeper the wave penetrates the ionosphere, and
therefore the longer the echo time. Measurements
showed that the ionosphere broadly comsists of
three successive layers extending from about 70 km
to 400 km above the surface of the earth. By deter-
mining the echo time at many frequencies, and
properly interpreting the results, it proved possible
to lay bare the detailed structure of the ionosphere.
The theory underlying the interpretation of such
measurements had in fact been worked out in Eng-
land by Eccles %) as early as 1912; it concerned the
propagation of electromagnetic waves through a
gas containing charged particles, i.e. through a
medium similar to the ionosphere. It had been found
that where different kinds of charged particles are
present at the same time, namely ions and electrons,
only the latter affect the way in which a radio wave
is propagated. The theory showed in particular that
the propagation velocity of a radio wave entering
the ionosphere, called the phase velocity, must
increase if the wave on its way upwards encountered
increasing concentrations of electrons. As a result the
originally straight'path would be bent downwards,
given favourable conditions, and would then return
to earth..Similarly curved paths, where waves are
bent downwards after reaching a highest point in an
atmospheric layer, were already known in the case
of acoustic waves generated by explosions and
artillery gunfire. The highest point in such cases
was much lower, however, being in a layer at a
height of* about 30 km, this layer being character-
ized by a high ozone content.
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But let us return to the ionosphere. It is solely
because the skyward radio waves undergo an
increase in their velocity of propagation that radio
communications are possible over great distances.
Theoretically, then, it had been reasoned that such
an increase must always occur when a wave enters a
medium containing charged particles. It remained
to verify this conclusion by a laboratory experi-
ment. The first to do so was Van der Pol, who gave
a full account of his methods in his thesis in 1920 %).
A general understanding of the mechanism of radio
transmission via the ionosphere thus existed five
years before the separate ionospheric layers were
first directly observed in 1925.

A further advance was made in 1930 when W. de
Groot ®) gave a mathematical method for directly
determining the electron concentrations in the layers
from the observed frequency dependence of the
ionospheric echo times. In this way it was found
that in the best-known layers (called D, E and F
layers, in ascending order) the number of electrons
per cubic centimetre was of the order of 103, 105 and
108, respectively. De Groot pointed out that it was
only possible with this method to investigate the
lowest part of each layer, i.e. the part below the
level where the electron concentrationis a maximum.
Now, since the advent of rocket missiles, data can
be collected on each layer through which the rocket
passes 7). This is done by measuring the frequency
change — the so-called Doppler effect — of the radio
signal sent back to earth by a small transmitter on
board the rocket. Here the Doppler effect depends on
therocket’sspeed and on thelocal velocity of the radio
wave; the latter depends in its turn on the electron
concentrations near the rocket. Since the speed and
course of the rocket are known, the electron density
at all altitudes of the rocket can be determined
directly from the variation of the Doppler effect.
These new measurements broadly confirm the pic-
ture of the ionospheric layers earlier arrived at
with the aid of echo sounding. Faith in the old re-
sults was so great that one commentator, discussing
the confirmation provided by the rocket tests, said
ironically: “This simply means to me that the
rockets have in fact got through to the ionosphere”.
Nevertheless, the correspondence is not perfect; in
particular it now appears that the layers of the
ionosphere are not so clearly separated as they were
formerly supposed to be. For example, the minimum
of the electron density at the transition from the E to
the Flayerisextremely shallowor evenimperceptible.

'fhe space above about 400 km

Until a year ago no detailed picture was known
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of the electron density above the middle of the F
layer, which is the region above a height of about
400 km. More information has now been made
available on this region by new radar experiments
at a wavelength around 7 m, performed by Bowles §)
of the National Bureau of Standards. A wave as
short as this passes almost unhindered through the
ionosphere, but reception is still possible, albeit with
a great deal of trouble, of the extremely weak signal
which is sent back to earth by the wave on its way
up to very great altitudes. This weak signal results
from the fact that the individual electrons in the
upper atmosphere absorb energy from the oncoming
radio wave and then scatter this energy in all di-
rections.’

Part of the scattered energy then returns to earth.
The returning energy being proportional to the
electron concentration, the latter can therefore he
determined from the signal received. A measure-
ment is made of the time variation of this signal
shortly after the primary signal is sent out. In the
first moments, only the contributions produced in
the lowest regions of the. ionosphere will be ob-
served, these being the earliest to return, Thereafter
the intensity is determined by the electron concen-
trations at increasingly higher levels.

To obtain a measurable signal strength in this
experiment, a very powerful transmitter and a large
aerial system are necded. These of course involve
considerable costs, but the costs are very much lower
than would be entailed if an artificial earth satellite
were used to acquire the same data. The provisional
results show that the electron density above the F
layer decreases very gradually and that there are
thus no further layers or high electron concentration.
Future observations with the aid of artificial satellites
will undoubtedly provide supplementary informa-
tion.

Another important fact has been established by
much simpler observations, viz. that up to very
great heights a minimum concentration prevails of
about 500 electrons per cm?, or at least that there
are always local regions present with this electron
concentration. This has been inferred in particular
from observations of the phenomena known as
“whistlers”. These are electrical disturbances which
are generated by thunderstorms and are propagated
from their terrestrial source along a line of force of
the earth’s magnetic field that extends far into the
atmosphere; the path of propagation along this line
of force shows a horseshoe bend, finally returning
to earth somewhere in the opposite hemisphere
(fig. 1)-

From such observations Morgan and Allcock ?)



64 . PHILIPS TECHNICAL REVIEW

VOLUME 22

2138

Fig. 1. The earth, with magnetic poles MN and MS, showing a number of magnetic lines

of force.

Electrical disturbances generated af A (e.g. by a thunderstorm) are propagated
along aline of force of the earth’s magnetic field and reach a point B in the other hemisphere.
At B they may give rise to a “whistler”. The disturbance can travel to and fro many times

along the line of force 4B.

‘When a charged particle — emitted by the sun — approaches point C in the transitional
zone, where it first comes under an appreciable influence of the earth’s magnetic field, it
starts to describe a helical path around a line of force. Upon arrival in the lower atmosphere
such particles may produce auroral effects. The paths of the lines of force indicate that the
charged particles mainly enter in a region forming a ring around the magnetic north and
south poles (aurora borealis and aurcra australis).

recorded a case in 1955 where disturbances of this
nature repeatedly made the long journey to and fro
between Wellington in New Zealand and Unalaska
on the Aleutian Islands. On their way they reached at
their farthest point a distance of more than 20000 km
from the earth. Whistlers also contain frequencies
in the audio range, which are heard in the receiver
as a short fluting tone of descending pitch, hence
their name. Another related kind of whistling at-
mospherics appears to originate in the upper atmos-
phere, probably as a result of fast-moving currents
of ionized particles 19): the sound heard resembles the
twittering of birds, and has therefore been termed
“dawn chorus”. All these disturbances roughly
follow a line of force of the earth’s magnetic field.
The saying that the traveller from afar has much to
relate is certainly apt in their case. The properties
of a whistler depend on the electrons it has encoun-
tered on its journey. Analysis of the incoming signal
reveals in particular that the long journey is possible
only if it is made through regions where the elec-
tronic concentration is at least of the order of the
above-mentioned value of 500 electrons per cm3.

An important effect in this connection is that the
electrons-tend to arrange themselves in “filaments”
along the lines of force of the earth’s magnetic field.

The presence, formerly unsuspected, of relatively
high electron densities up to very great heights
above the. earth (see fig. 2a) has been confirmed in
other ways. In the first place, it agrees.with the re-
cordings of a positive-ion detector on board Sput-
nik ITI ). The concentration of positive ions is an
indication of the presence at the same time of a
concentration of negatively charged electrons. Fur-
ther confirmation has come from a recent study by
Siedentopf, Behr and Elsisser of the brightness and

_polarization of the zodiacal light 12). In studying

this phenomenon it is necessary to assume that the
polarization effects are due solely to electrons, leav-
ing out of consideration any effects that may be due
to the dust particles also present. This means that

_ the electron densities thus calculated are maximum

values. Thus, from observations of three entirely
distinct phenomena it has been made plausible that
a minimum density of about 500 electrons per cm3
exists up to very great distances from the earth.
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The investigations mentioned hitherto enabled
the electron concentrations to be inferred up to a
certain height above the earth. It is also possible,
however, to determine by direct means the total
number of electrons contained in a column extend-
ing from the earth’s surface far into cosmic space.
For this purpose use is made of the recent radar ex-
periments, where a radio signal is reflected from the
moon. From the fading shown by the returned signal
one can find the number of electrons contained
in a narrow column reaching from the earth to the
moon. Measurements by Evans '3) and by Bauer
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these layers of, say, 400 per cm3, which is of the
same order of magnitude as the 500 per cm?® men-
tioned above.

The results obtained indicate that the total num-
ber of electrons above the “middle” of the F layer
is 3 to 5 times greater than the known number of
electrons below that level (by “middle” we mean
here the level of maximum electron concentration,
denoted by M in fig. 2a). With a similar method 15)
the total number of electrons can be determined
between the earth and an artificial satellite in orbit
at a specific height. This number can also be calcu-
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Fig. 2. The graphs show respectively as a function of height h above the earth’s surface:

a) the number of electrons n per cm®,

b) the number of particles IV per cm® (here mainly molecules in the lower regions and

mainly atoms at higher altitudes),

¢) the temperature T (in °K, but also in °C at lower altitudes).
In (a) theletters D, E, F, and F, denote the correspondingly named layers of the ionos-

phere; the greatest electron comcentration is

found at the level M (the “middle’ of the F,

layer). The change with height in the concentration of the electrons varies with the relative
position of the sun and with the sun’s activity. The curve shown is representative of a state
during the day, when the F layer can be divided into an F, and an F, layer.

and Daniels 14) have shown that this number amounts .
to about 20 % 1012 electronsin a column of 1 cm? cross-
section. Suppose for a moment that the prevailing
electron density was 500 per cm3 over the whole
distance from the earth to the moon (380000 km);
the column would then contain 19X 1012 electrons.
This of course leaves hardly any margin for the
much greater electron density that must in reality
be present in the column at the position of
the E and F layers: the necessary margin exists,
however, if we assume an electron denéity outside

lated from the recorded moment at which signals
transmitted by such a satellite are last received after
the satellite has disappeared beyond the horizon 16).
The same applies to the moment at which the sig-
nals are first picked up again when the satellite re-
appears above the horizon. In this way, with the aid
of Sputnik II, it was established that the electron
density in the upper half of the F layer declines
much more gradually than it increases in the lower
half upwards. This is in agreement with the meas-
urements performed by Bowles ).
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Density and temperature of the atmosphere as a
function of height

There is thus a great deal of information available
for studying the concentrations of electrons in the
atmosphere. Being established with. a relatively high
degree of certainty, the data at our disposal repre-
sent an excellent starting point for building up a
“picture of the physical conditions existing in the
space around our planet. In the first place, once we
know the distribution of the electron concentrations
in a particular layer, we can deduce from that distri-
bution the molecular density and the tempéerature
- prevailing near the middle of the layer. This is
possible because the formation of the layer partly
depends on the absorption of ionizing radiation
from the sun by atmospheric molecules or atoms.
Factors thereby involved are the average concen-
tration of these uncharged particles, and also the
change which their concentration undergoes with
changing height as a result of temperature. It has
been founhd in this way that the gas density at a
height of 100 km is roughly a million times smaller
than near the earth’s surface (fig. 2b), whilst the
temperature at that height must be roughly equal to
room temperature (fig. 2c). This does not imply that
one would feel comfortably warm in this region, but
simply that the molecular velocities of thermal agita-
" tion are just about the same there as in the air in
which we live. Above the 100 km level, however,
there must be an increase in temperature, otherwise
the density of the uncharged gas atoms would de-
crease upwards much faster than it actually does.

Apart from the results obtained with radio
waves, there are other indications that the decrease

in the density of the air above about 100 km is so’

slow that it must necessarily be accompanied by a
rise in temperature. These indications have come
from air-pressure measurements aboard rockets and
also from observations of auroral effects and of the
light in the night sky!?). As regards the latter, it
should be recalled that on a clear, moonless night
only about 309, of the faint light from the sky
originates from'the stars, directly and by scattering
in the atmosphere, whereas some 409, is due directly
to luminous gases in the upper atmosphere (the
other 309, is scattered light due to other causes).
From observations of this light we can thus estimate
the density and temperature of the gases up to a
height of about 1000 km. ’

The rise in temperature above 100 km is quite
understandable, since the extremely thin atmos-
pheric gas must finally make the transition to the
so-called interplanetary gas of outer space. It is
known that this gas has a very high temperature,
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and moreover it consists almost entirely of the sim-
plest charged particles, namely protons and elec-
trons. It is thought that the high velocities of these
particles, corresponding to their high temperature, -
are such as to overcome the attraction of the
planets, though not of the sun. The sun itself is
probably the chief source of interplanetary gas,
which might be regarded as a continuation of the
rarefied and very hot gas of corona that envelops
the sun.

Let us now consider the general picture of the
atmosphere above about 500 km, as pieced together
from theoretical insight and from the scarce data
provided by rocket flights. The chemical composi-
tion of the air up to roughly 200 km differs only very
slightly from that of the air we breathe, but above
that height the atomically dissociated oxygen and
nitrogen are gradually superseded by the much
lighter atomic hydrogen. Above a height of the
order of 1000 km the density has diminished to such
an extent that the chance of gas particles meeting
one another is very remote indeed and there are
virtually no more interaction processes between the
atoms, ions and electrons still present. Consequently
the concentration of the uncharged atoms is hence-
forth entirely governed by the force of gravity, so
that at very great heights only the lightest gas is
found — hydrogen. At a distance of three earth
radii, i.e. at a height of about 20000 km, the
(uncharged) hydrogen atoms have sufficient velocity,
in view of the temperatures prevailing there
{~1200 °C), to overcome the very weak gravitational
pull of the earth. As far as the (electrically charged)
ions and electrons are concerned, however, the effect
of the earth’s magnetic field, and the forces associ-
ated with it, are more important than the force of
gravity. These particles remain much longer within
the earth’s sphere of influence, so that finally only
the lightest, charged particles remain, i.e. protons
and electrons. The latter are found there in the con-
centration referred to of the order of 500 particles
per cm3. For the sake of completeness it may be
mentioned that Geiger counters carried by rockets
have revealed the existence of at least two zones,
called Van Allen zones, of highly intensive radio-
active radiation '), whose maxima are situated at
heights of about 3000 and 16 000 km above the
earth’s surface. The radiation is probably due main-
ly to high-speed electrons originating from the sun.

‘Transition of the atmosphere to interplanetary gas

The model described here seems to point to a very
slow transition from the increasingly rarefied upper
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atmosphere to the region of interplanetary gas,
which, according to Siedentopf and co-workers 12),
also possesses near the earth a density of the order
of 500 electrons per cm3. It should be remembered,
however, that this gas does not take partin the daily
rotation of the earth, whereas the air near the earth
is carried around in its entirety. With increasing
height, then, the air ought to be gradually less firmly
bound to the earth. This, however, raises a theoreti-
cal difficulty. If the earth’s magnetic field decreases
with increasing distance at the same rate as it does
near the earth, one can calculate the viscous forces
due to electromagnetic effects that correspond to a
minimum density of 500 electrons per cm3. It is
found that these forces are so strong as to suggest
that the atmospheric air down to regions close to
the earth is coupled more with the interplanetary
gas, which does not move with the earth, than to the
rotation of the earth. The movement of the air that
does not entirely rotate with the earth should
manifest itself in a prevailing east wind, and this
should already be observable at a height of 100 km
above the earth. This is certainly not the case,
however. The difficulty disappears if there exists a
transition zone in which the earth’s magnetic field
declines so rapidly as to be negligible beyond that
zone. The form of the magnetic lines of force that
fits this model is then such that the protons and
electrons near the transition zone can only penetrate
through it with great difficulty; the possibility of
limited penetration from outside is then essential to
explain auroral effects. The particles outside the
transition zone are thus more or less isolated from
those inside it. This makes it possible for all particles
inside to rotate with the earth, whilst those outside
it are coupled with the interplanetary gas. The tran-
sition zone, which may perhaps coincide with the
central part of the outer Van Allen zone, at a distance
of roughly 16 000 km, then acts as a natural bound-
ary of the earth’s atmiosphere, at a level where it
consists almost entirely of protons and electrons.
The transition zone thus screens the earth’s
magnetic field, and this implies theoretically that it
must at the same time be the carrier of electric cur-
rents. It was for this reason that the existence of
such a zone was first postulated, for these currents
are the simplest explanation of phenomena connect-
ed with the disturbances of the earth’s magnetism
known as “magnetic storms”. Since 1923 the rele-
vant theory has been worked out in particular by
Chapman, Ferraro and Martyn 19). They have shown
that a transitional layer must necessarily be formed
whenever a stream of charged particles (thrown off
by the sun) enters a magnetic field that initially
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decreases very gradually as a function of the dis-
tance to the earth. Any stream of particles will then
tend to distort the latter field into a field of the type
considered above. The regular production of such -
streams by solar cruptions accordingly maintains
this type of field with a transitional layer. The most
recent observations indicate that the transitional
layer may be identical with a boundary region in
which the earth’s magnetic field loses its regular and
slowly varying structure — in other words, the
transitional layer represents the outermost zone in
which the field still possesses a distinctly” stable
component.

Ionospheric winds

We have just said that there are no indications of
a prevailing east wind at a height of 100 km. This
appears from a variety of investigations, again
using radio waves reflected from the ionosphere 29).
The fading of these waves may be studied. Because
of irregularities in the structure of the ionosphere,
the moments at which the signal from a given trans-
mitter is received most strongly by several receivers
in each other’s vicinity do not coincide. From the
time differences recorded one can determine the
direction and the strength of the wind prevailing at
tonospheric altitudes. No prevailing east wind is
observed, but winds of considerable wvelocities do
occur at a height of 100 km. Wind velocities
of the order of 50 metres per second, i.e. 180 km/h,
appear to be quite normal. Such hurricanes should
not be imagined too dramatically, however, for the
air density there is about a million times less than
at the earth’s surface. The mass of air displaced
per unit time at such high velocities is therefore
very small — too small, for example, to turn a
rocket noticeably off course.

Radar observation of meteors

In recent years the ionospheric winds in the E
layer have been very systematically studied by ra-
dar observations of meteors 21). In spite of its rare-
fication, the air at a height of 115 km is still dense
enough to make meteors entering the atmosphere
at that level white hot. The resultant vaporization
is so intense that most meteors have completely
evaporated before they can drop to an altitude of

~about 80 km. The heating process is accompanied by

the ionization of atoms from the meteor, and a tem-
porary trail of strongly ionized air is left behind.
The trail may remain intact for as long as ten
seconds, after which it dissipates as a result of diffu-
sion. For a short time, then, there exists a cylindri-
cal, expanding column in which electrons occur at a
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‘concentration often ten-thousand times greater
than in the surrounding air of the ionosphere. Radar
waves are reflected from a short-lived column of
this kind, and meteors detected in this way occur
at an average rate of one per second, against one
~ every seven minutes observable by the naked eye.
With a telescope almost as many meteors can be
observed as with radar, but the latter has the advan-
tage of being just as useful during the day as in the
hours of darkness. These investigations can there-
fore be carried out both by day and night.

The study of meteors by radar has attracted con-
siderable interest in the last ten years. Information
can also be gathered in this way on air currents at
high altitudes, since the ionized trails left behind by
meteors are blown along during their brief existence
by local winds. The component of this wind motion
in the direction of observation can be derived from
the Doppler shift in the frequency of the reflected
waves. Statistical analysis of the wind components
measured on large numbers of meteors makes it
possible to calculate the force and direction of the
prevailing wind in a given region of the ionosphere.
These calculations confirm the above-mentioned
wind velocities of the order of 50 m/s. The most
direct indication of these wind velocities, however,
is found from observations of the “luminous clouds”
that are sometimes seen at high altitudes a few
hours after sunset or before sunrise 22).

Atmospheric tides

The wind phenomena discussed here share to
some extent the random nature of the winds near

the earth’s surface, which are governed by meteoro--

logical conditions. A large contribution to the ionos-
pheric winds, however, is attributable to solar and
lunar tidal forces. We are most familiar with tidal
forces from the periodic alternation of ebb and flow
in the seas. The same forces act on the air of our
atmosphere, but they are much less noticeable.
Our position as observers in relation to the atmos-
phere might be compared with that of someone
trying to study sea tides from the bottom of the sea.
This comparison suggests that the atmospheric tidal
effects are perhaps much more pronounced at greater
altitudes, A periodic vertical movement of air as a
result of tides might, for example, manifest itself as
periodic variations in the height of each ionospheric
layer. In fact, echo-time measurements revealed for
the first time in 1939 that these layers do indeed
show a periodic rise and fall. In that year Appleton
and Weekes 2%) found that the height of the E layer
undergoes small variations of the order of 2 km,
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which are directly related to the phase of the moon.

Vertical tidal movements in the air, like those in
the sea, are not conceivable without accompanying
horizontal movements. One might therefore suppose
tidal effects to be at the back of the wind phenomena
detected by radar observations of meteors. Tidal
winds do in fact appear to exist in the ionosphere.
The effects due to the sun and moon separately can
be kept distinct in this connection inasmuch as
their respective contributions vary with the position
of the sun and the moon. The tidal wind caused by
the sun shows a highly regular pattern; at an
altitude of 85 km in the northern hemisphere it may
be described broadly as a wind, constantly changing
in direction, and veering from the west in the mor-
ning and evening at half past eight local time; its
maximum force is roughly 70 km/h.

Tidal winds as strong as this are out of the ques-
tion near the earth’s surface, where the. prevailing
winds are governed by meteorological conditions.
Still, a tidal contribution does exist on the earth,
albeit a very slight one. It can be found from the
averages of barometric readings taken over a long
period at times when either the sun or the moon is
at the same position in the sky. By taking average
readings the influences of incidental and constantly
changing meteorological conditions are eliminated.
In this way one finds a small tidal effect attributable
to the sun, and further a 16 times smaller effect due
to the moon. From the local distribution of these
accurately determined statistical averages the asso-
ciated, very slight tidal contribution to the wind
on the earth’s surface can later be calculated 24).
The results show that, on the equator, the tidal ac-
tion of the sun superimposes on the meteorological
winds an extra east or west wind which has a maxi-
mum force of less than one kilometre per hour. In
higher latitudes this weak tidal component con-
stantly changes direction, just as it does in the
ionosphere. The even weaker atmospheric tidal
effects due to the moon 2%) indicate that our faithful
satellite has no significant influence on the distribu-
tion of the air in our atmosphere.

A comparison of the tidal winds blowing at
velocities up to 70 km/h at a height of 85 km with
the tidal wind of about 1 km/h near the earth might
suggest that the tidal effects are generated primarily

_in thehigher layers of the atmosphere. This, however,

is by no means the case. If we take into account
the rarefication of the upper air, we find that the
energy transmitted by the tidal forces to wunmit
volume of air is much greater near the earth’s surface
than in the ionosphere. The energy taken up near the
earth, however, gradually moves upwards, thereby
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appreciably strengthening the tidal wind due to the
sun, at least above a height of about 30 km.

It was for a long time puzzling that the sun’s
contribution to the atmospheric tides should be so
much greater than the moon’s. This seemed to con-
flict with the elementary theory according to which
the moon’s contribution should be 2} times greater
than that of the sun, a deduction based on the rela-
tive masses of the sun and moon and their distances
from the earth. As regards the ocean tides, the moon
is in fact the more effective of the two. We know
that the times of high water along the coasts are
almost entirely governed by the relative position of
the moon; the weaker effect of the sun is responsible
for the spring tides shortly after full moon and new
moon. The fact that the sun plays the major part in
the atmospheric tides was noticed by Laplace one-
and-a-half centuries ago. In 1882 Kelvin suggested
that a resonance effect might be involved. He con-
ceived that the atmosphere might easily enter into
an oscillatory movement whose period, for one
reason or another, may well be close to the twelve-
hour period governing the solar tides. On the other
hand, the corresponding period of nearly thirteen
hours for the lunar tides would not be close to a
resonance period of the atmosphere. It was not until
1936 that it was first shown by Pekeris %) that
among the resonance periods of the atmosphere
there is in fact one of about twelve hours.

The duration of this resonance period, which has
such an important bearing on the atmospheric
tides, is very closely related to the temperature
distribution in the upper levels of the atmosphere 27).
It would be quite different if the temperature of the
air decreased upwards continuously. We know that
the temperature has a minimum value of about
—55 °C at an average height of 10 km, after which it
rises and at about 50 km reaches an average value
near 0 °C (fig. 2¢). It then drops again until, at a
height of roughly 85 km, it reaches a minimum value
of about—=80 °C. This is where the above-mentioned
temperature rise begins, which continues right on up
to the transitional zone bounding the atmosphere.
It is the presence of two layers in which the temper-
ature drops with increasing height that involves a
resonance period of roughly twelve hours. The theory
of resonance also indicates that the solar tidal
wind at a height of 75 km must be about 100 times
stronger than near the earth, and moreover that
above 30 km it must blow in the opposite direction.
This is entirely in agreement with observations of
wind directions in the ionosphere, and serves to
strengthen confidence in the theory.

In broad lines it can be said that theory and ob-
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servation together have produced a satisfactory
picture of the atmospheric tides in the lower atmos-
phere. According to the so-called dynamo theory 28)
the ionospheric tidal winds are partly responsible for
the systems of electric eddy currents in the ionos-
phere; this ties up reasonably well with what can be
deduced about these currents from the study of the
earth’s magnetism. Radar observations of meteors
further indicate that above 100 km the tidal winds
are rapidly attenuated, apparently because the tidal
waves are strongly damped when they enter this
region. This can be explained by the effects of vis-
cosity and thermal conduction that first become
effective there. Future investigations will undoubt-
edly deal in greater detail with the attenuation of
tidal effects at high altitudes.

Concluding remarks

-

The reader may now be wondering whether the
investigations discussed are of any technical im-*
portance apart from their purely scientific interest.
It should be remembered that research with the aid
of radio waves can provide fresh insight into the
uses of radio waves as a means of communication. In
this connection it may be recalled how the familiar
reflection and scattering of radio waves from ionized
clouds prompted the American Thaler to turn this
phenomenon to use for tracing guided missiles and
nuclear explosions 29), both of which give rise to
such clouds.

I have tried to show in this survey how very
valuable a tool radio has proved to be for exploring
the mysteries of our atmosphere. In the skies above
us there are many long-unsuspected phenomena at
work, which are only now gradually yielding up
their secrets. For the physicist it is a fascinating
field of research, involving as it does such diverse
branches of study as radiation theory and plasma
physics, which are particularly important in the
upper layers, the physico-chemical theories under-
lying the ionization and energy-exchange processes
between the particles in the somewhat lower:layers,
aerodynamic and electrodynamic theories, which
apply to the air currents above 100 km, and classical
mechanics, which govern the tidal effects in the
lowest layers. No one is entirely indifferent to the
achievement of human ingenuity in establishing
radio communication all over the earth, and it is
natural that we strive to understand more of the
mechanisms that make that communication possi-
ble. One final comment may not be out of place in
this connection. It is remarkable how the subtlest-
seeming phenomena play a fundamental role in
radio telecommunications. For example, the highly
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rarefied gas of the ionospheric F layer has a lower

density than the so-called vacuum in the best high-

vacuum pumps; nevertheless, it is this gas, through
the thinly distributed electrons it contains, that
enables us to listen to a station at the other end of
the earth. .
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Summary. The substance is reproduced of the address deliv-

ered by the author on his inauguration as extra-mural profes-

sor at the Technische Hogeschool Eindhoven. The subject
matter is that of investigations of the atmosphere with the aid-
of radio waves. After recalling the historic work on the ionos-

phere done by Appleton and Barnett and by Breit and Tuve,

the author mentions the recent work of Bowles, who, by radar

soundings from the earth, has obtained data on the upper re--
gion of the F layer. These data confirm observations made by

instruments on board artificial satellites, namely that the elec-

tron density above the middle of the F layer changes much

more slowly with height than below it. Amongst the important

discoveries made possible by the development of astronautics

are the Van Allen zones of intense radiation at distances of
more than 2000 km from the earth. Other subjects discussed

are the transition from the atmosphere to the region of inter-

planetary gas, the existence of winds and tides in the ionos-

phere, and the use of radar for observing meteors.
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MICROPHONY IN ELECTRON TUBES

by S. S. DAGPUNAR *), E. G. MEERBURG **) and A. STECKER ***).

621.391.816.2:621.385

Microphony may be defined as the occurrence of an electrical interfering signal produced

as a result of mechanical or acoustical vibrations of a circuit element, e.g. an amplifying tube.
The effect is as old as the radio tube itself. At first it could be kept within bounds by mounting
the tubes in resilient holders. At the levels of amplification common nowadays, however, this
simple measure is far from sufficient. Theoretical and experimental investigations have shown

- what can be done in the design and construction of a tube to minimize microphonic effects.
The article below, which embodies contributions from British, Dutch and German laboratories,

gives some idea of these investigations and of the progress made in recent years in combatting

microphony.

Introduction . .

Amongst the component parts of radio sets,
amplifiers, etc., there are many that do not consti-
tute a mechanically rigid assembly, but consist of
parts capable of physical vibration at a frequency
generally within the audio region. As the parts
vibrate the distance between them alters, and this
is accompanied by fluctuations in the electrical
properties of the circuit element involved. Take, for
example, a variable capacitor: if the plates vibrate
with respect to one another, the result is a periodic
variation in the capacitance. If the capacitor is part
of the tuned circuit of an oscillator, the frequency of
the generated voltage will also vary periodically,
i.e. it will be subjected to frequency modulation,
giving rise to interference in the output signal.
This production of an interfering signal as a result
of mechanically vibrating components is known as
microphony.

Electron tubes are particularly subject to mi-
crophony, and in this article we shall be concerned
solely with microphonic effects in electron tubes.
Physical vibration of the electrode assembly not
only causes variations in the capacitances between
the electrodes but also fluctuations of the anode
current and mutual inductance, and hence directly
affects the gain of the tube.

There are many causes of vibration in an electron
tube. Apart from incidental vibrations or shocks,
there are those to which car radios, transceivers,
radio equipment in aircraft, etc., are constantly
subjected, there are the vibrations due to the motor
in gramophones and tape recorders, the mechanical
shocks caused by the operation of switches in
various equipment, and above all the vibrations

*) Mullard Radio Valve Co., Ltd., Mitcham, England.
**) Electron Tube Division, Philips, Eindhoven.
*+*) Development Laboratory of Valvo GmbH, Radio-
robrenfabrik, Hamburg.

- caused by the loudspeaker. Loudspeakers are often

placed very close to amplifying tubes and can trans-
mit vibrations to the latter both acoustically (via
the air) and mechanically (through the cabinet, the
chassis and the tube holders). This situation is
particularly dangerous in that the loudspeaker itself
reproduces the interfering microphony signal; if the
gain is sufficiently high, this may give rise to acous- .
tic feedback (“howling™), and if not, it may in any
case produce troublesomereverberation. Microphony
can also produce severe interference in television
receivers. Loudspeaker vibrations here may be
transmitted to amplifying tubes in the high fre-
quency, intermediate frequency or video frequency
part of the receiver, causing troublesome fluctuations
in the brightness of the picture. Microphony in tubes
in the deflection circuits may distort the picture as
well as cause displacements in lines.

In recent years extensive investigations have
been carried out in many laboratories both into the
requirements to be met by tubes in modern equip-
ment in order to minimize microphonic effects, and
into the measures that can be adopted to make the
tubes fulfil these requirements. This article will
deal with the work done along these lines in various
Philips laboratories and the results obtained 1).

1) See also the following publications:

B. G. Dammers, On the microphony of the EF 86, Elec-

tronic Appl. 16, 125-134, 1955/56;

B. G. Dammers, A. G. W. Uitjens, E. G. Meerburg and

M. A. de Pijper, Reflections on microphony, Electronic

Appl. 18, 15-18, 1957/58;

B. G. Dammers, A. G. W. Uitjens, K. Hoefnagel, E. G.

Meerburg and M. A. de Pijper, ~Causes and effects of

microphony in the R.F.- and LF. stages of television

receivers, Electronic Appl. 18, 48-56, 1957/58;

A. Stecker, Die Mikrofonie der Elektronenréhre — Theorie

und Analyse, Valve Berichte 4, 1-21, 1958 (also Electronic

Appl. 18, 99-117, 1957/58);

H. Hellmann, Die Priiffeldmessung der Mikrofonie von

Elektronenréhren, Valvo Berichte 4, 22-35, 1958;

D. Hoogmoed, Microphonic effects in electron tubes,
Electronic Appl. 19, 25-44, 1958/59.
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Factors determining the strength of the microphony

An electron tube subjected to acoustical and/or
mechanical vibrations undergoes a periodically
alternating acceleration. It is the magnitude of this
acceleration that primarily determines the strength
of the microphony. To give an idea of the accelera-
tions involved, it may be mentioned that meas-
utements with vibration pick-ups in radio and
television receivers have shown 2) that a loudspeaker
fed with a power of 50 mW gives rise to tube accel-
erations from 0.1g to 0.25g (g = acceleration of the
force of gravity). A higher power evidently causes
greater accelerations, the increase being proportional
to the root of the power. In car radios the accel-
erations produced by engine vibrations are much
greater than those caused by the loudspeaker. Of
course, the type of car, the state of the engine and
other conditions are important in this respect. Tests
made on the instrument panels of numerous types
of cars have shown that, under certain circum-
stances, accelerations up to 25g may occur.

Apart from the magnitude of the vibrations to
_ which the tube as a whole is subjected, the extent to
-which the vibrations are transmitted from the base
or wall of the tube to the electrodes also has an im-
portant bearing on the strength of the microphony.
Further factors involved are the stiffness of the
components and the rigidity of their mountings.

A further point to be taken inte account in
this connection is the function of the tube in the
apparatus concerned, since this function determines
the parameter whose fluctuations may prove most
troublesome. For instance, where a tube is to be
used in a low-frequency amplifier, changes in the
capacitances between the electrodes will seldom
be important, whereas variations in the anode cur-
rent as a result of electrode vibrations may be very
important indeed, since these variations, after ampli-
fication, are usually applied to the loudspeaker and
made audible. Capacitance variations, on the other
hand, can be very troublesome in the oscillator tube
in a superheterodyne receiver, particularly if the
receiver is tuned to a high frequency. In that case
the circuit capacitance is small, and as a result the
tube capacitances have a considerable effect on the
frequency of the voltage generated by the oscillator.
Periodic variation of these capacitances thus gives
rise to frequency modulation which, in an FM
receiver, is heard through the loudspeaker. This may
also be the case in an AM receiver if the set is not
exactly tuned to the received signal. Variations in
the frequency of an IF signal then give rise to

) See the article by Hellmann under 1).
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amplitude modulation which, after detection, again
results in an interfering low-frequency wvoltage.
Amplitude "and frequency modulation may also
be caused by capacitance variations in one or more
of the radio frequency or intermediate frequency
circuits of a receiver, giving rise to fluctuations in
the magnitude and phase of the output voltages of
the amplifier stages involved.

In cases where microphony causes fluctuations of
mutual conductance, the effect can be troublesome
if the tube is used in the radio frequency or inter-
mediate frequency circuits of an AM receiver, since
a periodically varying mutual conductance results
in a variable gain, and thus modulates the RF or
IF signal voltage in amplitude.

Microphony in a tube is more troublesome:the
more amplifier stages are connected behind the
tube, in which case a correspondingly smaller
variation in one of the parameters of the tube will
be sufficient to produce an impermissibly large
alternating current to the loudspeaker.

Inconsistent nature of microphony

Because of the numerous factors governing its
strength, microphony in practice is an irregular,
inconsistent phenomenon. A tube fulfilling a certain
function in a particular apparatus may give no
difficulties, whereas in another function or another
apparatus it may exhibit excessive microphony. The
location of the tube and the position in which it is
mounted may also have considerable influence.
Moreover, individual tubes of the same type may
show marked disparities. In spite of the extremely
narrow tolerances used in the manufacture of com-
ponents, it is impossible to avoid slight construc-
tional differences from tube to tube. This has no sig-
nificant effect on the purely electrical properties of
the tube, but it may give rise to considerable dif-
ferences as far as microphony is concerned. Conse-
quently, certain practical methods of testing can
only be carried out on a statistical basis; whether
a particular modification introduced in a tube will
improve the tube’s microphonic behaviour in prac-

-tice can only be established by investigating a

fairly large number of individual tubes.

The inconsistent nature of microphony is accen-
tuated by the fact that the frequency spectrum of the
vibrations to which the tubes are subjected in
practice is extremely irregular in shape. The reason
for this is that the chassis, the cabinet and other
structural elements of electrical apparatus exhibit
many different resonance frequencies for mechanical
and acoustical vibrations, so that the whole assem-
bly behaves as if it consisted of large numbers of
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Fig. 1. Frequency spectrum of the acceleration to which a tube in a certain type of radio
receiver is subjected when the loudspeaker is driven by a constant power of 50 mW at a

varying frequency.

mutually coupled resonators. Fig. I shows an
example of a frequency spectrum of the accelera-
tion undergone by a tube in a radio receiver
when a constant electrical power of 50 mW is
supplied to the loudspeaker at a variable frequency.
A frequency spectrum of this kind is obtained by
substituting for the tube a vibration pick-up,
mounted in a container whose dimensions and weight
correspond approximately to those of the tube.

2203

Fig. 2. Combination of three vibration pick-ups, used for
measuring the vibrations to which tubes are subjected in
electronic equipment. The whole assembly can be fitted in a
tube holder in place of a tube.

Where three pick-ups are used, mounted in di-
rections perpendicular to each other, one can also
determine the direction in which the accelerations
occur. Such a combination of three vibration pick-
ups is shown in fig. 2. The whole assembly is roughly
as heavy as an electron tube and can be inserted
in one of the tube holders in the apparatus under

test.

Methods of investigating microphony

There are various direct methods of investigating
microphony that can casily be carried out without
special equipment. For instance, the microphonic
tendency of an audio amplifying tube can be
ascertained by incorporating the tube in an ampli-

fier circuit. The output voltage is applied via a
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Fig. 3. Principle of a simple set-up for investigating microphony
in an audio-frequency amplifying tube. B tube under test,
L loudspeaker, A variable amplifier.

variable amplifier to a loudspeaker set up near the
tube. This arrangement is shown schematically
in fig. 3, where B is the tube under test, L the loud-
speaker and A the variable amplifier. The gain of A

is adjusted until it is just sufficient to cause acoustic
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oscillation, after which the “sensitivity” of the
combination of B and 4 at this setting is found.
This is generally taken to mean the alternating
voltage required on the control grid of B in order
to produce an output of 50 mW from 4. The gain
setting of A so found is clearly too high when used
with the tube B; it is thus possible to give a sen-
sitivity of the combination that is permissible, to
guide users of this type of tube.

Obviously, a specification of this kind is useful
only in a circuit arrangement exactly corresponding

to that with which the experiments were carried out. -

A small constructional change in the apparatus in
‘which the tube is used can considerably alter the
tendency to microphony. For this reason, and
because of the above-mentioned spread between
individual tubes of the same type, it is always
necessary to allow a wide safety margin.

A radio-frequency tube can be tested in a similar
way. The tube is incorporated in an RF amplifier
stage and an unmodulated RF signal voltage is
applied to the control grid (see fig. 4). A detector is

|
|
|
T
SN B |
7
A 2372

Fig. 4. Principle of a set-up for investigating microphony
in a radio-frequency amplifying tube. B tube under test, L
loudspeaker, 4 variable amplifier, D detector, HF signal
generator.

connected to the output of this amplifier stage,
whichis again followed by a variable audio-frequency
amplifier and a loudspeaker. Microphony now causes
modulation of the RF voltage, and the detector
delivers an audio signal which, via the AF amplifier
and the loudspeaker, can produce acoustic oscilla-
tion,

The methods described can be used for comparing
different types of tubes or individual tubes of the
same type, and also for checking the results of
modifications made in a tube to reduce microphony.
They give no indication, however, as to which com-
ponents in a tube cause the microphony, and are
therefore no help as regards the introduction of the
necessary improvements.

In this respect another method is helpful. Instead
of making the set-up howl, the loudspeaker is
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connected to a separate signal generator and am-
plifier, and the output voltage of the tube is meas-

_ured with the aid of an amplifier and a vacuum-tube

voltmeter ( fig. 5). This makes it possible to choose
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Fig. 5. Principle of a set-up for investigating microphony
in electron tubes. The loudspeaker L is fed via the am- -
plifier 4, with a voltage from the signal generator TG. The
signal voltage due to. microphony in tube B is applied to a
vacuum-tube voltmeter BV via the amplifier A,.

and to vary the frequency of the vibrations to
which the tube is subjected. The strength of the
microphony is then found to vary quite irregularly
with the frequency. This is partly due to the fact
that the components of the clectrode system have
different resonance frequencies for mechanical vibra-
tions, so that the tube behaves as if it consisted of a
large number of mutually coupled resonators. A
further factor, however, as mentioned above and
illustrated in fig. 1, is that, even where the loud-
speaker power is constant, the acceleration under-
gone by the tube shows a highly irregular spectrum.
As a result, it is not casy to study the microphonic
properties of electron tubes with a set-up as in fig. 5:
there is always the possibility that the cause of
strong microphony occurring at a particular fre-
quency may lie outside the tube itself.

To arrive at results that are governed solely by
the tube we must therefore set the tube in vibration
directly and not via a loudspeaker, a cabinet and a
chassis.

One method of achieving this is to subject the tube to an im-
pact of given strength and to measure the resultant microphonic
signal voltage. An apparatus designed for this purpose
is shown in fig. 6. Even here, however, the results are not very
satisfactory. A blow brings all components of the tube simul-
taneously into vibration, and only the total result can be meas-
ured from the signal voltage thereby generated. Consequently,
this method too is really only suitable for comparing tubes one
with the other, and not for tracing the causes of microphony.

A thorough study of the microphonic properties
of tubes demands that the tubes be subjected to
vibrations of constant acceleration and variable
frequency. Only then is it possible to draw con-
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Fig. 6. Apparatus for studying the microphonic properties
of electron tubes by subjecting the tube to a known impact.

clusions, or at least inferences, as to the cause of
strong microphony at a particular frequency.
With this object in view, the constant acceleration
has been achieved by testing the tubes in a spe-
cially designed vibrator. This method has for some
time now been applied in several Philips laboratories
to numerous types of tubes, and will now be dis-

cussed in some detail.

A vibrator for the study of microphony

Fig. 7 shows an axial cross-section through a
vibrator designed for investigating microphonic
effects in electron tubes. The construction of the
vibrator closely resembles that of an electrodynamic
loudspeaker. It consists primarily of a coil which can
move in the air gap of a ring-shaped magnet. The
coil is wound on an aluminium former, which is sup-
ported in sleeve bearings. The resonance frequency
of the whole assembly is in the region of 30 ke/s,
which is a great deal higher than the highest fre-
quency of the range in which microphony tests
are usually made (30 to 20000 ¢/s). In this fre-
quency range, then, where the alternating current
in the coil is constant an alternating acceleration
of almost constant peak value is obtained. (An
alternating current of 100 mA was needed for a peak
acceleration of 1g.) This can be quite easily checked
by mounting a stationary metal plate a short
distance from the upper surface of the coil and by
measuring the variations occurring in the capaci-
tance between this plate and the coil, this capacity
being inversely proportional to the distance. For a
constant charge, voltage variations appear across

the capacitor thus formed, the magnitude of which
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is proportional to the deflection of the vibrator.
These voltage wvariations can be amplified and
measured. It follows from the theory of harmonic
vibrations that, if the peak acceleration is to remain
constant, the maximum deflection must be inverse-
ly proportional to the square of the frequency, i.e.
with increasing frequency it must decrease by a
factor of 4 per octave. With the vibrator described
here this was indeed found to be the case in the
required frequency range.

The way in which the tube under test is fixed
to the vibrator calls for particular care. Strictly
speaking, it should be perfectly rigid, otherwise the
vibrations of the coil former will not be transmitted
to the tube completely independent of the frequency.
Now, some resilience in the mounting of the tube
is unavoidable and consequently the tube resonates
at the frequency of the mounting. To prevent
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Fig. 7. Cross-section of a vibrator for studying microphonic
effects in electron tubes. S coil, SL coil former, L sleeve bear-
ings, M magnet, P, and P, pole pieces, TO vibration pick-up,
HS adaptors for clamping the tube to the coil former.




76 PHILIPS TECHNICAL REVIEW
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Fig. 8. Upper part of vibrator fitted with a tube to be subjected to vibrations: a) along the

axis; b) perpendicular to the axis.

this affecting the measurements, the vibrator and
mountings must be so designed that the resonance
frequency is well above the frequency range under
investigation. Some components used for this pur-
pose are shown in the upper part of fig. 7.

To enable a constant check to be kept on the
vibrations, a vibration pick-up of the piezo-electric
type is fitted (with a piezo element of barium tita-
nate); this is denoted by TO in fig. 7. This device
also indicates whether insufficiently rigid mounting
of the tube is causing a spurious resonance.

Fig. 8 shows two photographs of the upper part
of the vibrator, with a tube mounted in two posi-
tions, enabling it to be subjected to vibrations paral-

lel or perpendicular to the axis.

Measurements with the vibrator

With a vibrator as described above a tube can be
subjected to a known acceleration which, as opposed
to the methods illustrated in figs. 3,4 and 5, is inde-
pendent of the incidental resonance frequencies of

other parts of the apparatus. If strong microphony

2
appears at a particular frequency, it is now clear
that this frequency corresponds to the resonance
frequency of one of the tube components. Detection
of these frequencies is accomplished by connecting
the tube by flexible wires to an amplifying circuit:
the signal voltage produced in this circuit as a result
of microphony is measured whilst the vibrator
frequency is slowly varied. The measurements are
facilitated by using a recorder. Examples of spectro-
grams obtained in this way are shown in figs. 21-24.

In these and similar measurements the vibration

frequency should be varied slowly and very evenly,

the mechanical vibrations of the various components

being very little damped. Because of the weak
damping, the various resonances occur only very
near to the exact resonance frequency: many peaks
in the spectrogram are so sharp that they might
easily be missed.

Once it has been found that a strong microphonic
effect occurs at a particular frequency, the next
thing to do is to trace the component responsible
for it. There are various ways of setting about this.
One obvious method is to calculate the resonance
frequencies of components whose very slicht move-
ments can be expected, on theoretical grounds, to
have a considerable effect on the electrical charac-
teristics of the tube. One can then ascertain whether
one of these frequencies coincides with a peak in the
spectrogram. If this is so, it is reasonable to assume
that the component in question must be the cause
of this peak. Further experiments are then needed
to show whether this assumption is correct or not.

In practice, this method turns out to be most
unsatisfactory. The main reason is that calculations
of the resonance frequencies of components in an
electrode system can seldom be more than rough
approximations. Exact formulae can be derived
only for simple configurations, and the application
of such formulae to practical cases calls for approxi-
mations and corrections; also, it is generally not
accurately known just how the various electrodes
are clamped or supported, or whether there is any

play between them.

We shall illustrate the above method and its shortcomings
by taking a grid as an example. The conventional grid con-
struction is shown in fig. 9. Two uprights (or ““backbones’) S,
and S, are mounted in holes in the mica disecs M, and M,. The
grid wires D are wound helically around the uprights. If we

now regard S; and S, as freely vibrating rods, their resonance
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Fig. 9. Simplified construction of a grid. S, and S, uprights
(““backbones”), D grid wires, M, an] M, mica strips on which the
assembly is mounted at the points a, b, ¢ and d, A4 lead-in wire.

frequency f; for mechanical vibrations can be calculated from
the formula:
d E
f} = ng ?; K

Here d is the diameter and [ the length of the rod; E is the
modulus of elasticity and g the density of the material, and K
is a constant which depends on the way in which the upright
is held. The magnitude of this constant is:
K = 0.56 if the vibrating rod is clamped at one end and free

at the other,
K = 3.56 if the rod is clamped at both ends,
K = 2.45 if the rod is clamped at one end and held such that

it can pivot at the other,
K = 1.56 if the rod is held such that it can pivot at both ends.

Owing to the unavoidable spread in the dimensions of the
grid uprights and of the holes in the mica supports, it is never
certain whether the uprights at positions a, b, ¢ and d should be
regarded as clamped, pivoted or free. Extremely small differ-
ences in dimensions, which may have no perceptible effect
on the electrical properties of the tube, may have a marked
effect,in view of the differences in K, on the resonance frequency
of the grid uprights. A further inaccuracy in the calculation is
due to the presence of the grid wires D. Their effect can be
allowed for as an increase in the mass of the grid uprights,
but this is obviously a rough approximation. Finally, the fact
that a connection wire A is attached to one of the uprights
can also only be taken into account by very rough approxi-
mation.

For the grid wires two empirical formulae have been worked
out 2) which apply to wires bent in the form of an arc ( fig. 10a)
and in the form of a rectangle (fig. 10b). The formula for a
grid wire as in fig. 10a is

0.217d ]/E

fr=3573 a®+ 0.558 R? / r}

-

and for a wire as in fig. 10b:

fm 0.217d VE
YT 2942 - 0325R Y o

3) See P. M. Handley and P. Welch, Valve noise produced by
electrode movement, Proc. Inst. Radio Engrs. 42,565-573,
1954.
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These formulae hold good only when a and R are roughly the
same (Rfa < 2). Consequently, and also because the actual
shape of the grid wires never exactly catisfies fig. 10a or b,
the result here too can never be more than a very rough
approximation. * )

Another source of uncertainty is the fact that
many elements capable of mechanical vibration in
an electrode system are coupled to one another,
resulting in resonance frequencies that do not
correspond to those of the elements individually.

Stroboscopic examination

The only way to point with certainty at one of the
components of the tube as the source of strong mi-
crophony at a particular frequency is to observe
directly that this component in fact resonates at
that frequency, i.e. vibrates with a large amplitude.
Since this “large” amplitude is not usually percep-
tible to the naked eye, it must be observed under a
microscope. In order to make it possible to observe
grids etc., it may further be necessary to make a
number of tubes with special openings in the anode
or in the screening.

As a rule the frequencies at which the investiga-
tions are carried out are too high for the eye to be
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Fig. 10. a) Grid wire bent in the form of an are, b) rectangularly
bent grid wire.

able to follow the movement directly. The move-
ments can be made visible, however, by illuminat-
ing the tube with a stroboscope. The vibrator and
the stroboscope are then fed by two signal gener-
ators delivering alternating voltages whose fre-
quencies differ by a few c¢/s. An arrangement
designed for the purpose is shown schematically in
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fig. 11. When the tube is set in vibration, the parts
in question can be seen under the microscope to
vibrate at a frequency equal to the difference be-
tween the frequency of vibration and the illu-
mination frequency. The fact that one of the parts

oy al
DTl G

[ B

M

O

2377

Fig. 11, Block diagram of an arrangement for stroboscopic
investigation of microphony in electron tubes. TG, and TG,
signal generators, 4, and A, amplifiers, T vibrator, B tube
under test, SL stroboscope lamp, M7 microscope.

is resonating at the applied frequency is manifested
not only by the increase in amplitude but also by the
phase relationship between the impressed force and
the deflection.

When a vibrating system is driven by a force whose frequency
is much lower than the resonance frequency of the system, the
deflection is in phase with the force. If the frequency of the
force is much higher than theresonance frequency, the deflection
and the force are in antiphase. The transition from one of these
states to the other takes place in a frequency range around
theresonance frequency. Theless the vibrations of the system are
damped, the narrower is this frequency range. At the resonance
frequency itself the phase shift between force and deflection is
90°.

To produce automatically a difference between
the vibrator and the stroboscope of a few c¢fs at
all frequencies, one might couple the tuning mecha-
nisms of the two signal generators. Itis very difficult,
however, to make the coupling in such a way that
the frequency difference remains sufficiently small
over the whole frequency range of interest. If the
difference is too great the eye can no longer follow

the individual vibrations. When one of the compo-
nents is then excited into resonance, the resonance
will be scarcely perceptible.

An improvement in this respect is obtained if the
stroboscope frequency is made exactly equal to the
vibration frequency by connecting the vibrator and
stroboscope to a common signal generator. Of course,
the vibrating parts then appear to be stationary,
the movement being frozen at all frequencies. When
the frequency is slowly varied, however, and passes
the resonance frequency of a component within the
field of view of the microscope, the phase shift of
180°, mentioned above, can be seen to take place
in the vibrations undergone by this component.
As the frequency moves through a very small range,
this part is then seen to make a single half-vibration
and then stands still again. The concentrated atten-
tion required to observe this phenomenon is a serious
drawback, however, to the application of this
method in large-scale investigations. High demands
are also made on the equipment; the frequency must
be varied extremely slowly and continuously.

The stroboscopic method was not really a success
until an apparatus had been designed with which it
was possible, in the whole frequency range under
investigation, to maintain a constant difference of
1 or 2 ¢/s between the vibration frequency and the
frequency of the stroboscopic illumination. Fig. 12
shows a block diagram of the equipment used for
this purpose. As in fig. 11, the vibrator T is driven
by a signal generator TG via an amplifier 4,. The
output of the signal generator is again used to oper-
ate the stroboscope lamp, but only after first being
applied to a frequency shifter FS which delivers
an output voltage whose frequency is a constant
amount higher or lower than the frequency of the
applied voltage. The output voltage of the frequency
shifter is used to control the pulse generator PG,
which delivers short voltage pulses to the strobo-
scope lamp SL.

O

Fig. 12. Block diagram of equipment for stro-
boscopic investigation of microphony in electron
tubes. By means of the frequency shifter FS a
constant difference of 1 to 2 ¢/s is maintained
between the vibration frequency and the fre-
quency of the stroboscopic illumination. TG
signal generator, A,, 4, and A4, amplifiers, Mot
motor, PG pulse generator, SL stroboscope lamp,

2378 M;i microscope, T vibrator, B tube under test
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‘The frequency shifter consists of a rotor and a stator. The
stator is provided with a three-phase winding. This is supplied
with a three-phase voltage derived from a special amplifier
A,, fed with the signal-generator voltage (frequency f). The
rotating field thus produced induces an alternating voltage
in the single-phase winding of the rotor. When the rotor is
stationary, the frequency of the latter voltage is equal to f,
but when the rotor revolves at a speed of Af revolutions per
second, the frequency of the e.m.f. induced in the rotor winding
is an amount Af higher or lower than f, depending on the sense
of rotation. Provided the rotor turns at a constant speed, a
constant frequency difference is then maintained between the
applied voltage and the output voltage.

The tube under test B feeds an amplifier A,
the output voltage of which is applied to one pair
of plates of an oscilloscope O. To the other pair
of plates a voltage is applied which is proportional
to the current driving the vibrator. By observing at
the same time the picture under the microscope and
that on the oscilloscope screen it is now possible to
ascertain with considerable certainty whether the
vibrations of a particular component are responsible
for the occurrence of strong microphony at a par-
ticular frequency. At that frequency the amplitude
of the vibrations undergone by the component in

" question shows a maximum, and at the same time
the alternating voltage produced by the microphony
is seen on the oscillosope to reach a maximum

The observer also sees the above-men-

tioned phase shift as the resonance frequency is
passed. The phase shift also of course occurs between
the current supplied to the vibrator and the volt-
age generated by microphony, and is thus displayed
on the oscilloscope as a lissajous figure.

Owing to the extremely weak damping of the

vibrations the effects referred to occur in such a

very narrow frequency range that it is almost

value.

impossible for two or more components to resonate
simultaneously, even when their resonance fre-
quencies lie very close together.

Fig. 13 shows a photograph of a set-up as here
described. With his left hand the observer varies the
frequency of the signal generator, whilst with his
right hand he directs the microscope and the stro-
boscope lamp on to the component to be examined.
Over the edge of the ocular he can see the screen
of the oscilloscope (right in figure).

The equipment described can also be used in
another way. Instead of the amplified voltage out-
put of a signal generator we can apply to the vibrator
the amplified alternating voltage produced by
microphony in the tube under test. In many cases
this will give rise to oscillation at a frequency
corresponding to the resonance frequency of one of

the components. This component will then vibrate’
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with a large amplitude, and it will not generally
be difficult to ascertain by means of the microscope
and stroboscopic illumination exactly which com-
ponent this is. Of course, this method can only trace
the component that makes the major contribution
to the microphony, since oscillation occurs at the
resonance frequency of that component. It is also
possible, however, to find the cause of strong mi-
crophonic effects at other frequencies if we include in
the feedback path a filter that passes signals only in
a limited frequency band. In that case, oscillation
can occur only at a frequency within that band,
and the component responsible for it can be traced
with the microscope. '

In the method using an oscillating circuit it is
even more important than in the other methods
described that the resonance frequency of the vibra-
tor-plus-tube assembly should lie above the range
of frequencies under investigation. If that is not
the case, the circuit might start to oscillate at this
resonance frequency, and the search for the “guilty”
component would then be fruitless.

Examples of microphony

It is unfortunately not possible in a photograph
to give a good impression of the picture observed
under the microscope when a component vibrates
atitsresonance frequency. Nevertheless, to give some
idea of what is seen some photographs are shown
that were obtained by double exposure at the ex-
treme deflections of the vibrating component. With
an arrangement as in figs. 12 and 13 it is a simple
matter to freeze the observed picture of the vibrating
component in any desired phase. All that is neces-
sary is to stop the motor that drives the rotor in
the frequency shifter. Obviously, the picture is then
stationary too, and the required phase of the vibra-
tion can then be chosen by turning the rotor by
hand.

Figs. 14 to 20 show various components of elec-
tron tubes and the picture seen under the micro-
scope when the tube is made to vibrate at the reso-
nance frequency of the respective component. The
arrows indicate the direction of the vibrations.

Fig. 14 shows a getter which, being relatively
large and supported on one side only, has a low
resonance frequency, namely 300 c/s. It is evident
that a component as large as this, though not part
of the actual electrode system, must have a notice-
able effect on the operation of the tube if set in
vibration.

Fig. 15 shows the two filament leads of the tube,
which have different resonance frequencies, viz.
570 and 600 cfs. The pictures observed under the
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Fig. 13. Examining a tube for microphony. The

microscope when the tube is made to vibrate at
each of these frequencies appear in fig. 156 and c.
I't can be seen that, in each case, one of the two wires
is virtually at rest whilst the other vibrates.

Fig. 16 shows the suppressor grid of a pentode
made accessible to observation by an opening in the
anode. Although the resonance frequencies of the

turns of wire differ only slightly from one another,

VOLUME 22

arrow points to the tube under investigation.

it can clearly be seenin fig. 16b that at the resonance
frequency of one of them (approx. 2100 c¢/s) only
that turn enters into vibration. This illustrates the
fact that the mechanical vibrations are very little
damped.

Grid-wire vibrations can cause impermissible
microphony if they occur in the screen grid of a

pentode in the RF or [F sections of a receiver. If the
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a

Fig. 14. a) Getter of an electron tube.
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b) Picture seen in the microscope when the tube is made to vibrate at the resonance frequency

of the getter (300 ¢/s).

mutual conductance in the pentode has been re-
duced to a low value by the automatic gain control,
the electron current passes through only a few
turns of the screen grid. A slight movement of one
of these turns then has a considerable effect on the
anode current and on the mutual conductance. The
effect is less pronounced if the tube operates with
a higher mutual conductance. More nuisance is then
experienced from vibrations in the grid uprights,

since this causes lateral movement of the whole grid.

Fig. 17 shows a grid undergoing vibrations of this
kind in the triode portion of a triode-hexode. Here,
too, it was necessary to cut an ()lwningint() the anode.
The resonance frequency of this grid was 1900 c/s.

In fig. 18 the end of a cathode can be seen that
exhibited some play in the upper mica support of
the electrode system, and therefore vibrated at a
very low frequency (600 c¢/s). Cathode vibrations
are usually damped more than those of other com-

ponents, owing to the influence of the filament with

b C

Fig. 15. a) Lower part of the electrode system of a vacuum tube. The circle marks the ends
of the filament leads; b) and c¢) show the pictures of these leads seen under the microscope
when the tube is successively made to vibrate at the resonance frequency of each lead (570

and 600 c¢/s).
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Fig. 16. a) Suppressor grid of a pentode, visible through an opening cut into the anode. The circle marks the part seen under
the microscope, (b), when the pentode is made to vibrate at the resonance frequency of one of the grid wires (2100 c¢/s

FE 3

2214

a b
Fig. 17. a) Electrode system of a triode-hexode. The circle marks the grid of the triode partion, visible through a hole cut
into the anode. b) Picture of the grid vibrating at its resonance frequency of 1900 c¢/s.
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a

Fig. 18. a) Top view of the electrode system of a tube. The circle marks the end of the
cathode, which showed some play in its hole in the mica disc.

b) Picture seen under the microscope when the tube was made to vibrate at the resonance
frequency of the cathode (600 c¢/s).

a b

Fig. 19. a) Anode of an electron tube. The two parts were not fixed firmly enough at the
positions indicated by the arrows, thus allowing free movement between them.

b) Picture seen under the microscope of the circled area when the tube was set in vibration
at a frequency of 1300 c¢/s.
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Fig. 20. a) Frame grid of a tube for very high frequencies.
b) Picture under the microscope when the grid was made to vibrate at the resonance fre-

quency of one of the wires (37 000 ¢/s).

its insulation and to the emissive coating of the
cathode.

Vibrations of one of the structural elements of an
anode at a frequency of 1300 c¢/s can be seen in

fig. 19. The reason for this vibration was that the
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parts of the anode at the position denoted by the
arrows had not been properly fastened.

The fact that this method of investigation can
also be used at higher frequencies than those men-

tioned above is illustrated in fig. 20, which shows

e
i i’wuﬁ"ﬂv

Fig. 21. Effect of getter construction on the microphony of an electron tube. The two
constructions compared are shown on the left. The construction under b results in a con-

siderable reduction of microphony.
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the vibrations of one of the wires of a frame grid 4).
The frequency was 37000 c¢/s. It need hardly be
said that this imposes very high demands on the
vibrator and on the rest of the circuit; the strobo-
scope lamp, for example, had to provide extremely
short light pulses to produce a sufficiently sharp

picture.

The reduction of microphony

Once it has been established that a particular
component makes a substantial contribution to the
microphony of an electron tube, it is of course im-
portant to ascertain whether a structural modifica-
tion designed to reduce the microphony really has
the desired effect. This can best be checked by
recording a spectrogram of the signal voltage due to
microphony as a function of the vibration frequency.
We shall illustrate this with some examples of

1) The construction of a frame grid is described by G. Diemer,
K. Rodenhuis and J. G. van Wijngaarden, The EC 57, a
disc-seal microwave triode with L cathode, Philips tech.
Rev. 18, 317-324, 1956/57.
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improvements introduced. Figs. 21 to 24 show a
number of spectrograms recorded whilst the electrode
systems of the tubes under investigation were sub-
jected to lateral vibrations at a constant peak accel-
eration of 1 m/sec®. The figures indicate the rms

value of the alternating

g grid voltage producing

the same interfering signal as caused by the
microphony.

Fig. 21 illustrates the result of modifying the
support of a getter. The upper recording was made
on a tube where the getter was fixed to a bracket
which was welded to the anode at one point. This
getter was found to be responsible for the strong
microphony that occurred at a frequency of 1300
c¢/s. When the getter was secured at two places in
the mica support, and thus no longer connected to
one of the electrodes, a considerable improvement
was obtained, as appears from the lower spectrogram.
At frequencies below 1850 ¢/s the tube is now free
from microphony.

Fig. 22 shows the improvement achieved when a

single mounting lug on the anode was replaced by a
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Fig. 22. Effect of anode fastening on the microphony of a tube. The method of fastening
with a single lug (a) is inferior to that with a double lug (b).
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Fig. 23. The effect of anode design on microphony. The construction shown in (a) is greatly

inferior to that in (b).

double lug, thereby eliminating the original play
in the mica. In the construction shown in the upper
figure, both parts of the anode were capable of rela-
tive vibration; as can be seen in the lower figure, the
vibration is much less pronounced with the new

construction. The high peak at about 780 ¢/s in the

upper spectrogram is no longer to be seen in the
lower recording.

The improvement obtained in another case, by
modifying the construction of the anode, appears
from fig. 23. An anode consisting of two rectangular
sections, as in b, is far more rigid than an anode one
of whose parts is flat, as in a. The marked improve-
ment from the point of view of microphony is
clearly to be seen in the spectrograms.

[f the various components that give rise to
microphony can be systematically traced and im-
proved, the microphony can be almost entirely
eliminated, as illustrated in fig. 24. The upper
spectrogram relates to a tube which exhibited very

troublesome microphony at various frequencies.

The lower spectrogram, recorded after the necessary
structural improvements had been made, shows
that the tube is now virtually free from microphony.

It is not always possible in the series production
of tubes to introduce all the improvements that
would be desirable with an eye to microphony. Other
considerations of quite a different nature may often
be involved, such as the effect of these improvements
on the electrical properties of the tube, on the cost
price or on the production tools. However, if the

causes of the microphony are sufficiently known

and they can nearly always be traced by the
methods deseribed above — a compromise can

generally be found that satisfies these other

I'(‘(llli!‘(‘l]l(‘l] ts as \\'(‘ll.

Noise method of investigating microphony

For tracing the causes of microphony the foregoing method
yields good results. In certain cases, however, a simpler and
less time-consuming method may be sufficient. This may be

the case when the purpose is not to investigate the causes of
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Fig. 24. Spectrograms of microphony in a tube, a) before and b) after certain structural

modifications to reduce microphony.

microphony but simply to compare one tube with another in
order, for example, to obtain statistical data on the effect of
certain structural modifications. In such cases it is often enough
to record a spectrogram. Using the method described earlier,
viz. subjecting the tubes to sinusoidal vibrations with a vari-
able frequency, several minutes will always be required to
obtain a serviceable spectrogram. The frequency must not be
varied too quickly because, as explained above, the mechanical
vibrations of tube components are very little damped, and it is
therefore likely that some peaks in the spectrogram will be
missed if the test is done too quickly.

To conclude this account we shall briefly describe a method
designed to produce a quicker result. The vibrator and the
tube under test is excited not by a sinusoidal alternating
current of variable frequency but by a current containing
components with all frequencies at the same time, i.e. a cur-
rent delivered by a noise source. In that case all components
that have resonance frequencies in the frequency range under
investigation will be excited into resonance simultaneously.
If the tube is incorporated in an amplifier circuit, microphony
gives rise to a signal composed of numerous alternating-volt-
age components. Measurement of the rms value of this signal
gives in itself an idea of the extent to which the tube in question
is “microphonic’, but a better insight is obtained if the signal

components are measured with a selective voltmeter which

gives a reading in only a narrow frequency band. By shifting
this small band over the whole investigated frequency range
we can again obtain a spectrogram. This can be done in such
a way as to display the spectrogram directly on an oscillos-
cope screen.

Fig. 25 shows a spectrogram produced in this way. Repro-

ducible graphs can be obtained with the selective voltmeter

(2389

method of

Fig. Oscillogram obtained using the noise

investigating microphony.




PHILIPS TECHNICAL REVIEW

VOLUME

Fig. 26. Vibrator used for microphony investigations by the noise method. The tube under
investigation is here mounted obliquely on the vibrator.

sweeping the whole frequency range in about 15 sec. Using an
oscilloscope tube with a long-afterglow screen, the whole

spectrum can be seen as a single display.

A vibrator used for investigating microphony by the nois
method is shown in fig. 26. The tube is mounted obliquely
in order to obtain a general picture of its microphonic prop-
erties, the tube thereby vibrating simultaneously in the length-
wise and lateral directions.

A drawback of the noise method is that the height of the
peaks in the spectrum depends on their width. This is because
the vertical deflection of the oscilloscope is proportional to the
value of the microphony signal, averaged over the whole of
the narrow frequency band passed by the selective amplifier.
Consequently, a peak narrower than the bandwidth passed
by the amplifier will appear to be shorter than a broader but
otherwise equally high peak. The picture on the oscilloscope is
therefore not an exact representation of the spectrum, and
this must be taken into account when evaluating it.

Partly for this reason the noise method has not proved
agreat success. Ifoneis prepared to accept this error, the results

an be obtained just as quickly by the method using sinus-

oidal vibrations. When the whole frequency range is rapidly
scanned, say in 15 seconds, here too the high peaks in the
spectrum will not be reproduced in their true relationship.
Even so, the resultant spectrogram is still better than that

obtained by the noise method. Because of this, and the fact

that the equipment for the noise method of investigating
micrephony is much more complicated, the system using
sinusoidal vibrations has been given preference in our labor-

atories.

Summary. Various methods are described for investigating
microphonic effects in electron tubes. Some direct methods
requiring no special circuit arrangement can serve for comparing
one tube with another, but they give no information on the
cause of the microphony. For the latter purpose a vibrator has
been designed by means of which a tube can be subjected to a
vibration of constant peak acceleration and variable frequency.
With the aid of a microscope and a stroboscope the components
responsible for the microphony can then be traced by directly
observing their vibration. Some results achieved are illustrated
by spectrograms. Finally, a method using a noise generator
is described, where the spectrogram is displayed on the screen
of an oscilloscope.
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THE HEATING OF FOOD IN A MICROWAVE COOKER

by W. SCHMIDT *#),

621.373.029.6:621.365.55

Growing interest is being taken in a novel method of cooking food, i.e. by dielectric heating
in a short-wave electromagnetic radiation field. For cooking raw food, heating pre-cooked meals
and thawing frozen foods the method is very quick and hygienic. Suitable sources of power for
this purpose are now available in the form of two types of magnetrons capable of continuous
outputs of 2 kW and 5 kW. “Microwave cookers’ have definite advantages in hotels and restau-
rants, where large numbers of meals have to be served in a short time, but it may well be that
they will eventually also find their way into the home kitchen. °

In recent decades the heating of materials by
high-frequency power has been applied on an ever-
increasing scale in many branches of industry 1).
In the case of dielectric heating a limit is set to the
delivered power by the electric breakdown strengths
of the materials to be heated, which cannot with-
stand arbitrarily high voltages. The only way to
increase the absorbed power is then to raise the
frequency, hence the trend towards ever higher
frequencies in dielectric heating.

In this respect the recent development of con-
tinuous-wave (CW) magnetrons giving an output
of 2 and 5 kW represented an important advance 2).
These magnetrons operate at frequencies in the
region of 2450 Mc/s, i.e. in the microwave range,
and are particularly suitable for the dielectric
heating of non-conducting materials. Besides their
possible applications in industry, e.g. for drying
wood and textile products, or for welding plastics,
they have a promising application in the heating
of foodstuffs, i.e. for preparing meals in a “micro-
wave cooker”. In this article we shall examine
some of the problems involved in the construction
of such a cooker using a 2 kW CW magnetron.

In the conventional methods of cookery (boiling,
frying, roasting, baking, grilling) the heat is sup-
plied by convection and conduction in water or fat,
by direct contact with the heated pan or by thermal
radiation. The heat in all these cases can only pene-
trate inside the food by conduction. The tempera-
ture gradient which this requires may not be too

*) Development Laboratory of Valvo GmbH, Radioréhren-
fabrik Hamburg.

1) See e.g. the articles Heating by high-frequency fields, I. In-
duction heating, by E. C. Witsenburg, and II. Capacitive
heating, by M. Stel and E. C. Witsenburg, Philips tech. Rev.
11, 165-175 and 232-240, 1949/50.

%) W. Schmidt, Das Dauerstrichmagnetron Valvo 7091,
Elektron. Rdsch. 12, 309-314, 1958; or, Continuous-wave
magnetrons types 7091 and 7292, Electron. Appl. 20,
13-23, 1959/60 (No. 1).

steep, as otherwise the surface of the food will
suffer. The heating process therefore takes much
longer than by the dielectric method, where the
thermal conduction of the food is unimportant.
In “microwave cookery’” the food, with no water or
fat added, is placed in a glass or earthenware dish,
or even on paper or cardboard, and is heated through
and through in a quarter;or eighth of the normal
time, without drying-out the surface of the food
or scorching the paper. Pre-cooked or frozen foods
can readily be warmed up again, the vitamins and
the natural flavour, colour and other properties
of the food being retained to a very high degree.
There are various tricks by which the brown crust
to which we are accustomed in conventional cook-
ery can also be produced by microwave radiation;
usually, however, a normal grill will be fitted to the
oven for this purpose.

The use of a microwave cooker offers especial
advantages for hotels and restaurants; the prepara-
tion of meals'is very much quicker, and dishes can
also be pre-cooked and warmed up when the time
comes to serve them. This can be a great help in
rush hours and where kitchen staff is short. In
hospital kitchens experience has already proved
that microwave cookers make it possible to provide
a much more varied menu for patients on low-fat
diets. Finally, a microwave cooker can also be a
valuable asset in the home; a housewife who goes
out to work will save a great deal of time preparing
meals in this way, particularly if more pre-cooked
meals in frozen form are made available by the
foodstuffs industry.

In the following we shall first consider the physical
principles underlying the method of dielectric heat-
ing in a microwave radiation field. After discussing
the 2 kW CW magnetron marketed by Philips, we
shall then examine the problems involved in the
design of the oven proper, i.e. the space in which
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the food is heated. Finally, an experimental model
is discussed by way of illustrating the actual con-
struction of a microwave cooker.

Principles of dielectric heating in a microwave
radiation field ’

At the, frequencies commonly used for RF
heating, the high-frequency power is fed into a coil
or a capacitor. Conducting materials are heated in
the magnetic field of a coil by the induction of
eddy currents; non-conducting materials are placed
in the alternating electric field of a capacitor, where
the dielectric losses produce the desired heating.
In the microwave range, i.e. at frequencies above
1000 Mc/s, the substance to be heated is placed in
a resonant cavity, in which the electric and mag-
netic fields are so interwoven as to be practically
indistinguishable. The “oven” of a microwave cooker
accordingly consists of an appropriately dimen-

sioned space bounded by metal walls. The micro-

wave energy is conducted to the oven by wave-
guides. Multiple reflections from the walls fill the
oven space with a radiation field, thus providing
all-round irradiation of the food introduced. The
method is suitable only for the dielectric heating
of non-metallic objects, since the electromagnetic

waves would be almost entirely reflected by good .

conductors.

If either pure dielectric or pure induction heating by micro-
waves is required this would be possible only in a small rectan-
gular cavity whose ends run out into circular cylindrical spaces
and whoselength does not exceed A/4. In the rectangular middle-
section there will then be an alternating electric field between
two walls which, at the frequency of 2450 Mc/s (A/4 = 31 mm)
are only 5 mm apart; in the cylindrical extensions there will be
an alternating magnetic field of 10 mm diameter. Only very
small objects could therefore be heated in these spaces, so that
pure dielectric or pure induction heatmg at these frequencies
has little practical significance.

Where an alternating electric field of amplitude ‘

E prevails in a medium, the heat P, generated in
unit volume and unit time is given by 3):

Py cc E*fertan d, . . R )

where f is the frequency, & the relative dielectric
constant and ¢ the loss angle. This expression reveals
the advantage of using microwave frequencies:
even for small values of E a considerable heating

3) Concerning the derivation of (1) and (2), see: W. Schmidt,
Mikrowellengeneratoren mit abgeschlossenem Arbeitsraum
zur dielektrischen Erwidrmung von Nahrungsmitteln und
Industrieprodukten, Elektron. Rdsch.12,390 and 417, 1958,
and 13, 13, 1959; or, Microwave generators coupled to a
loaded cavity for dielectric heating of foodstuffs and in-
dustrial products, Electron. Appl. 19, 147-164, 1958/59
(No. 4).

eﬂ'ect is obtained because of the high value of f.
Whereas at low frequencies the heat generation is
limited by the breakdown strength of the material,
in the microwave range the limit is set by the maxi-
mum power which the generator is capable of de-

*livering.

When an electromagnetic wave is propagated
through a (non-magnetic) medium, it is attenuated
as a result of the heat generation: the energy den-
sity of the wave decreases in the direction of
propagation. For a vertically incident plane wave
the “penetration depth” z;, which is conventionally
defined as the distance at which the energy density
has dropped to 1/e ~ 379%,, is given by 3):

1

Z o€ —————.
f Ve tan §

Table I gives the values of z; calculated fiom
measurements of g and tan 6 on various food-
stuffs. It can be seen that this penetration depth in
some substances is rather small. Where fairly large
volumes are involved there is consequently a danger
that the substance will not be properly heated
through. Equation (2) shows that the higher the
frequency the less is the effective penetration of the
heat. (In grilling this is, of course, turned to good
advantage Here, too, an electromagnetic radiation
field is used — though of much higher frequency,
i.e. in the infra-red — and this radiation is almost
entirely absorbed in the surface layer, thus produc-
ing the familiar brown crust.) The limitation is not
so serious as it seems, for in a resonant cavity the
energy penetrates the substance from all sides.
Moreover, experience has demonstrated that the
results achieved in the cocking and thawing of

(2)

Table I. Values of &; and tan J for various foodstuffs, measured
at various temperatures, and the calculated (theoretical) pene-
tration depth 2z; for microwaves of 2450 Mc/s.

Penetration
Meas. depth z;
Foodstuff temp. & |tan 6| (in cm)
°C of 2450 Mc/s
microwaves
Beef, raw —15 5.0 | 0.15 5.8
Beef, roasted 23 28.0 | 0.2 2.46
. —15 2.5 | 0.2 1.9
Peas, boiled § 23 | 9.0 |05 15
Pork, raw —15 6.8 | 1.2 0.66
Pork, roasted 35 |23.0 | 2.4 0.18
. —15 4.5 | 0.2 6.1
Potatoes, boiled % 23 38.0 | 0.3 144
. . —15 13.0 | 0.5 1.42
Spinach, boiled 23 340 | 0.8 0.56
Porridee —15 50 | 0.3 3.7
orrice 23 |47.0 | 0.8 0.41




1960/61, No. 3

foods are much better than might be inferred from

the theoretical penetration depth given in table I.

Magnetrons

Magnetrons operate with a high efficiency and are
designed for a fixed frequency. They are complete
generators in themselves. The designer wishing to
use a microwave

magnetron as a generator 1s

therefore virtually unconcerned with problems of

|
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high-frequency engineering such as the construction
and alignment of the frequency-determining oscil-
latory system or the feedback system.

Magnetrons are normally fitted with some sort
of demountable output connection for taking-off
Provided there are no

the power. significant

differences in individual characteristics, the re-

placement of a magnetron can be reduced to a

simple mechanical operation.

2627

2628

Fig. 1. Two CW magnetrons for 2 kW, 2450 Mc/s: a) type 7091, air-cooled and b) type 7292,
water-cooled. I heater connections, the lower one also being the cathode connection.
2 cathode radiator. 3 ferroxdure magnets. 4 anode block with vanes for air cooling. 5 anode
block with water cooling. 6 connection for coaxial output line (50 (). The inner conductor
of the output connection is provided with a serew-thread, to ensure good contact with the
output line even after long use at varying temperatures.
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Construction of CW magnetrons types 7091 and 7292
8 3
Pulsed magnetrons, which have been used for
o) 0
more than twenty years in radar and electronic
navigation devices, are required to meet high de-
mands as to frequency stability, pulse shape and
reliability. With a CW

the emphasis is more

magnetron for RF heating
on such demands as high
efficiency, long life, low working voltage and insen-
sitivity to load variations. The latter point is of
particular importance, since the substances heated
in a microwave oven differ widely in dielectric
properties, shape and size and therefore subject the
magnetron to widely different loads. Constancy of

VOLUME 22

deliver a maximum power of 2500 watts at a fre-
quency of about 2450 Mc/s ?). Type 7091, which is
air-cooled, was designed for ovens that may have to
be moved from one place to another ( fig. la). Type
7292, which is water-cooled, is intended for per-
manent installations (fig. 15). Except for the method
of cooling, the technical data for both types are
identical.

Development work on a CW magnetron for an
output power as high as 5 kW has recently been
completed. This type, a picture of which is shown

in fig. 2, and its possible applications, will not be
dealt with here.

2422

Fig. 2. CW magnetron type 55 125 for 5 kW. This magnetron also operates in the 2450 Mc/s
band. The anode is water-cooled; the cathode radiator is cooled by a weak air current. The
output power of 5 kW is obtained with an unsmoothed rectified voltage supply, the anode
voltage being 6.5 kV and the average anode current 1.4 A. The magnetic field is provided
by four columns of ceramic magnets. As in the 2 kW magnetrons, the power is extracted by

a 50 Q coaxial line.

frequency is of less importance, the frequency bands
available for industrial purposes (and which are
regulated by law in the various countries) being
fairly wide.

For industrial purposes, i.c. where the high-
frequency energy is used for heating, drying and
as in the

Sint(‘ring non-(‘un«lu(tling substances or

present case — for microwave cookery, Philips have
developed two CW magnetrons, types 7091 and
7292. Microwave cookery, incidentally, was the

first application of these magnetrons. Both types

The oscillatory system of the magnetrons 7091
and 7292 consists of 20 sector resonant cavities
takes the

off by means of two balanced coupling loops

(fig- 3)-

in the anode*). A coaxial line power

1) For a general description of the operation and design of
magnetrons, see J. Verweel, Magnetrons, Philips tech. Rev.
14, 44-58, 1952/53. See also G. A. Espersen and B. Arfin,
A 3 em magnetron for beacons, Philips tech. Rev. 14,
87-94, 1952/53, and J. Verweel and G. H. Plantinga, A
range of pulsed magnetrons for centimetre and millimetre

waves, Philips tech. Rev. 21, 1-9, 1959/60 (No. 1).
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Fig. 3. Output system of types 7091 and 7292 magnetrons.
The inner conductor of the coaxial output line is coupled to
two resonant slots of the anode by a T-shaped “loop”. The
partitions between the resonant slots are alternately connected
by two metal rings (ring strapping).

In the 2450 Mc/s frequency band it is possible to achieve high
Q’s for the unloaded cavity system, and ‘therefore the coaxial
output line can be permanently coupled to the magnetron.
The circuit efficiency of the magnetron is then high, while the
reserve of stability is still sufficient to deal with load reflections
that may occur if the load is not exactly matched. To achieve
this fixed coupling the system of coupling loops must link a
large part of the alternating magnetic flux in a resonant cavity.
However, in view of the fact that a high standing-wave ratio,
as a result of load reflections, may give rise to high currents in
the output line, it is necessary to use material of large cross-
section for the coupling, and this makes the first requirement
difficult to fulfil if a single coupling loop is used. The use of a
double coupling loop provides the desired permanent coupling
in the 7091 snd 7292 magnetrons in spite of the large cross-
section of the loop material (which ensures good heat removal)
and without any capacitive coupling with the resonant cavity,
which would adversely affect operating stability.

The inner conductor of the output system of
magnetrons 7091 and 7292, illustrated in fig. 3,
forms part of a tapered vacuum seal. The insulation
used is a ceramic, which is stronger than glass. The
dielectric losses are low, even if load reflections
considerably increase the standing-wave ratio in
the line. The output system is fitted with a standard
connecting flange.

The cathode in a magnetron is subjected to bom-
bardment from electrons not captured by the
anode 4). These electrons absorb energy from the
high-frequency field and convert this energy into
heat when they return to the cathode. In CW mag-
netrons, then, the cathode load is not limited by
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the emission per unit area but by the energy density
in the space between anode and cathode in relation

to the surface area of the cathode. The thermionic

emission is about 100 mA/em?, plus a considerable
contribution from secondary emission. Since the
energy transferred to the cathode in the form of
heat -by returning electrons depends on the input
power and the magnitude of the load reflection, the
cathode surface in CW magnetrons for industrial
applications, where the load reflection may vary
within wide limits, must be exceptionally strong
mechanically and capable of withstanding large
variations in temperature. Normal oxide cathodes
are no longer adequate at high frequencies, which
call for solid or sintered cathodes. Magnetrons 7091
and 7292 therefore have impregnated dispenser
cathodes %), the emitting surface of which is a porous
tungsten cylinder, impregnated with a substance
that promotes thermionic emission. Such cathodes
have a long life and stable emission even though
subjected to high and varying temperatures. The
mechanical strength of the tungsten jacket enables
this kind of cathode to withstand back-bombard-
ment as well as breakdown effects due to over-
loading. 4

A special feature is the use of a heater not in
contact with the cathode proper: the cathode cylin-
der is thus heated only by radiation. The usual
insulation of the heater — e.g. with aluminium
oxide — is therefore dispensed with. In many
applications, including microwave cookery in hotels
and restaurants, the heater may remain switched
on for hours on end, high-frequency power being
taken off only mow and then. Experience so far
indicates that, under these conditions, this form
of heater is very satisfactory. Mechanical strength
is ensured by using a heater wire of considerable
thickness, viz. 1.2 mm in diameter.

Operating costs are a decisive consideration where
domestic and industrial apparatus are concerned.
Since the magnetron represents a substantial part
of the total costs, the expense entailed by its re-
placement must be kept as small as possible. For
example, components outside the vacuum system
of the magnetron should not require to be replaced
when the magnetron is replaced. Moreover, in
order that untrained personnel may effect replace-
ments, the high-frequency system should require
no regulation or adjustment.

In this connection the use of the ceramic ferrox-
dure for the permanent magnet has decided advan-
tages. Possessing a much higher coercive force than

5) See R. Levi, Dispenser cathodes, III. The impregnated
cathode, Philips tech. Rev. 19, 186-190, 1957/58.
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magnetic alloys, it is virtually insensitive to stray
magnetic fields and to changes in the resistance of the

magnetic circuit ¢). As a result, a magnetron with-

built-in iron pole-pieces can be removed from the
magnetic circuit without any fear that the tem-
porary demagnetization will cause permanent
weakening of the induction in the air gap. The
pole-pieces used in magnetrons 7091 and 7292 keep
the air gap to a minimum, thereby minimizing
the amount of permanent-magnet material required.
In this way the magnet system using ceramic
material combines the “packaged” system’s advan-
tage of low costs with the “unpackaged” system’s
advantage of demountability.

Ceramic magnetic material also has a certain
drawback, in that its magnetic properties are more
‘sensitive to temperature variations than those of
magnetic alloys. This is not, however, a serious
objection. In fig. 1 it can be seen that the ferrox-
dure “pillars” are connected to the magnetron
system by narrow iron yokes; the effect of this is to
make the time constant of the rise in temperature
of the magnetic material longer than half an hour.
Moreover, the final temperature rise of the magnets
is only 209, of that of the magnetron itself.
In view of the short periods during which the mag-
netron is switched on for microwave cookery, its
operation is not noticeably affected by the sensi-
tivity of the magnets to temperature variations,
particularly since, in a microwave oven, fluctuations
of the mains voltage and of the load impedance can
cause a relatively ten-times greater variation of the
output power. To compensate for changes in output
power, anode-voltage regulation is necessary. In the
air-cooled magnetron, type 7091, the slight in-
fluence of the temperature variations can in any case
be eliminated by fitting two additional air ducts to
circulate air around the magnets. In the water-
cooled magnetron, type 7292, the magnetron itself
rises so little in temperature that the heating of the
magnets may be discounted. .

Operating data and performance charts

Having considered the structural features of the
CW magnetrons, we shall now examine the be-
haviour of the system magnetron — coaxial line —
oven. The system is characterized by the way in
which the frequency and the power delivered by the
magnetron depend on the load impedance consti-
tuted by the coaxial line and the oven. It might be
studied by drawing curves of constant frequency

6) See Philips tech. Rev. 13, 194-208, 1951/52 and 16, 141-147,
1954/55.
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and constant delivered power in cartesian coordi-
nates, the real and imaginary parts of the load
impedance being plotted against one another. A
more useful diagram, however, is obtained by draw-
‘ing these contours in a polar diagram, with the
modulus g and the argument ¢ of the reflection -
coefficient plotted as radius vector and azimuth,
respectively. The reflection coefficient is the ratio
between the complex amplitudes of the reflected
and incident waves, at any arbitrary cross-section
of the coaxial line carrying the power from the mag-
netron: The position of this “reference plane™ is
usually chosen at the connecting flange of the
magnetron. The modulus g is determined by measur-
ing the standing-wave ratio ¢ in the coaxial line;
the relation between g and ¢ is given by the for-
mula ¢ = (1 4 g)/(1— p). The argument ¢ is
related in a simple manner to the distance Alniy
from the reference plane to the nearest minimum
in the standing wave, according to the expression:
Alyin/A = 31— @/7), where 2 is the wavelength
in the coaxial line. To make the diagram simpler
to use, it is convenient to plot, as in fig. 4, circles for
constant values of o instead of for constant values
of p. Since ¢ runs from 1 for ¢ = 0 to ¢ = oo for
¢ = 1, the value of o rapidly increases as the circle
grows larger. Also, the diagram give values of
Almin, expressed in terms of A, instead of values of
@ itself. At a constant magnetic field and constant
‘anode current, the values of ¢ and Aly;y/2 can be
measured for arbitrary values of the load impedance
(which need not itself be known). Each measurement
produces a point in the diagram. The corresponding
values of the frequency and output power are also
measured. By doing this for various values of the
load impedance, and by joining-up the points of
equal power and also those of equal frequency, we
obtain the Rieke diagram for the magnetron.
Fig. 4 gives the diagram for types 7091 and 7292.
The diagramrelates toan operating point correspond-
ing to 2000 W, that is to values of magnetic field
and anode current such that, given ideal matching
(centre point of diagram, ¢ = 1), the output power
is 2000 W. The possible application and merits of
a CW magnetron can now be assessed by noting
the relation between the various quantities depicted
in the diagram.

It is seen that as the power isincreased, the power
contour moves towards the upper right of the
diagram. The operating point of the magnetron must
not, however, enter the hatched area known as the
“sink region”, i.e. the region of instability, where
the magnetron no longer oscillates properly. The
frequency contours also converge upon this region,

.

f




1960/61, No. 3

indicating that here the frequency, too, is highly
unstable. Opposite this “clectronic instability limit”
can be seen the “thermal instability limit”, Th.
If this is exceeded, the cathode will be overheated
due to back-bombardment by returning electrons.

Fig. 4. Rieke diagram of a type 7091 or 7292 magnetron. The
circles are contours of constant standing-wave ratio o, the values
being indicated: Around the periphery are set out the values
of Almin, being the distance from the reference plane (through
the connecting flange of the magnetron) to the first minimum
or node of the standing wave, expressed in terms of the wave-
length 1 in the coaxial output line. The diagram contains
contours of constant frequency (solid curves) and of constant
output power (dashed curves). The letters a, b, ¢, d and e on
the dashed lines refer to the table, where the corresponding
values of output P, and anode voltage U, are given. The
diagram holds for an operating point of 2000 W, i.e. the out-
put power is 2000 W when the load impedance is a matched

The anode, too, will be overheated because too
little power is then withdrawn from the magnetron
as a result of strong reflection from the load impe-
dance. The aim is to design the whole magnetron
system so as to keep these forbidden regions as far
apart as possible and also to ensure that the mid-
point of the diagram lies midway between the elec-
tronic and thermal instability limits. The maximum
permissible standing-wave ratio, which is deter-
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mined by the minimum distance between the centre
point and the boundaries of the dangerous regions,
is then as high as it can be. As regards the type
7091 and 7292 magnetrons, this is the situation at
the 2 kW setting.

3816

termination, giving a standing-wave ratio of ¢ = 1 (centre point
of diagram). The hatched region top right is the region of
electronic instability, called the “sink™; opposite to it is the
region of thermal instability Th. When the magnetron is in
operation, ¢ must never be so high as to bring the operating
point inte one of these regions.

a b ¢ d e
P, (W) 2500 2250 2000 1500 1000
U, (kV) 4.7 4.6 4.5 4.4 4.3

Fig. 4 also indicates the extreme values between
which the frequency will adjust itself if the stand-
ing-wave ratio is, say, 1.6. The circle for 0 = 1.6
touches the contours for + 2 Mc/s and — 2 Mc/s,
so that the operating frequency will be within the
2450 £ 2 Mc/s band. The microwave frequency band
allocated for industrial applications is 2400-2500
Mc/s in most countries (2350-2450 in Germany).
Owing to the spread in properties between magne-
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trons as manufactured, it is always possible to
select individual specimens having frequencies suited
to the local conditions. L

It is most important that the operating point
should not enter the sink region, as this can very

quickly cause damage to the magnetron. The conse- -

quences are not so serious if the boundary of the
thermal instability region is crossed. The position
of the two danger zones depends, of course, on the
anode current; they move inwards as the anode
current increases, in which case the maximum per-
missible standing-wave ratio is reduced.

A direct voltage is commonly used for the anode
of a CW magnetron. Magnetrons can also operate,
however, with an alternating anode voltage, or with
a rectified but unsmoothed alternating voltage,
and the latter is in fact used in this case. With a
full-wave rectified, unsmoothed voltage the ratio
of the peak anode current to the mean value is
about 2.5; the sink then lies outside the circle for
o = 4. With an AC supply the permissible value of
o is smaller. If a smoothed rectified voltage were
used — in which case the ratio of peak to mean
current would be about 1 — the limit of electronic
stability would lie further from the centre of the
Rieke diagram, and on the face of it the permissible
value of ¢ might then be higher. The objection here,
however, is that at values of ¢ higher than 4 or 5
(in other words, with a reflection of more than 50%,
of the power), large concentrations of energy may
occur at places of maximum field-strength, with
consequent danger to the output line contacts and
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Table . Principal data for magnetrons 7091 and 7292, valid
for ideal matching (operation at 2 kW) and provisional data
for 5§ kW magnetron type 55 125.

Type of magnetron 7091 and 7292 55 125
Anode voltage 4.5 kV 6.5 kV
Mean anode current 0.75 A 14 A
Maximum peak anode current 21A 2.4 A
Output power 2000 W 5000 W

Maximum permissible standing-
wave ratio Omax: ) 2.5
sink (electronic limit)
thermal limit

o
o

the vacuum seal of the output coupling. Standing-
wave ratios higher than 4 or 5 are therefore ruled
out, so that there is nothing to be gained from
smoothing. This cuts out the expense of smoothing
capacitors, and thus helps to keep down the price
of the cooker.

In any case, smoothing would involve the extra
danger that sparking and flashover effects might
develop, as a result of capacitor discharges, into
serious electrical breakdowns. The use of two-
phase or three-phase rectifiers, with no smoothing,
is therefore to be recommended for supplying a
normal microwave cooker operating at 2 kW.

Tables II and III give some general data on the
7091 and 7292 magnetrons,and some performance
data for the case of ideal matching. For comparison,
the provisional data for the 5 kW magnetron are
included.

Table III. General data for CW magnetrons 7091 and 7292, and provisional data for

type 55 125.
Type of magnetron 7091 [ 7292 | 55 125
Power extraction system . 1547 coaxial line; 50 Q
Cooling of anode block Air, approx. |Water, at least|Water, approx.
1.7 m®/min 0.5 1/min, 2.5 1/min,
depending on depending on
inlet temp. inlet temp.
Cooling of cathode radiator Weak air currcn-t
Max. temperature of anode block 125 °C 125 °C 125 °C
Max. temp. of cathode radiator 180 °C 180 °C 180 °C

Heater voltage:
upon switching-on

5.0 V (+5%, —10%)

5.5V{(+5%,—10%)

in normal operation 20V 3.5V/1V
Heater current:

upon switching-on 32A 66 A

in normal operation 18 A 52 A/28A
‘Warm-up time 120 s 240 s
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The oven

To build a microwave cooker using the magne-
tron described, the first question to be decided con-
cerns the shape of the oven, i.e. the space in which
the food is exposed to the microwaves. The aim is to
achieve in this space a uniformly distributed energy
density, in order that the foodstuffs introduced shall
be uniformly heated. If we choose a rectangular
shape, the space will then act as a resonant cavity
which, fed with energy through a coupling system,
can be made to oscillate if the wavelength in vacuo
Ay, corresponding to the magnetron frequency f
(i.e. A= c/f, where ¢ is the velocity of light), and
the side lengths ay, a, and a; satisfy the following
condition (m, n and p are integers):

WY G o

This condition applies strictly only to an ideal
resonant cavity with no damping and with no space
charge 7). In reality, however, all resonant cavities
possess a certain damping, as a result of which
their resonance curves show broad maxima, the

more so if substances are introduced in them — as
in the oven — which further increase the damping.
Condition (3) need not, therefore, be exactly ful-
filled; provided only the sides are longer than %4,
there will always be integers m, n and p in respect
of which (3) is satisfied with sufficient accuracy.
Such a set of m, n and p values is met by a field
distribution consisting of a pattern of standing
waves having m, n and p half-wavelengths
(not to be confused with 1) in the three directions.
If the sides are much longer than }4,, there will be
many sets of values of m, n and p for which con-
dition (3) is adequately satisfied. In such an oven,
then, there can exist numerous modes of oscillation
at the same time, and they are all simultaneously
excited provided that the boundary conditions are
fulfilled at the position of the coupling with the
.exciter waveguide. Thus, if the dimensions of the
oven are large compared with %1, superposition
of the various oscillation modes leads to a more or
less uniform distribution of energy in the oven. If
no further measures are taken, however, non-uni-
formity will nevertheless appear over larger dis-
tances. The reason for this may be unbalanced coup-
ling with the energy source, irregularities in the
walls (e.g. the oven door), the presence of trays for
putting the food on, and so on. When the'food-
stuffs are placed in the oven, they also affect the

7) The derivation of (3) is given in the first article quoted in
footnote 3).
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field distribution. Owing to the absorption of energy
the resultant field is composed of wave trains which,
depending on whether or not they have passed
through the absorbent substance, transport energy
of differing density. Added to this is the partial
reflection of the waves from the surface of the sub-
stance; how large this reflection is depends on the
dielectric constant of the substance. It must also
be remembered that the excitation frequency may
vary slightly because of the spread in characteristics
between individual magnetrons. The desired uni-
formity in the distribution of energy in the oven
must be assured over the whole range of excitation
frequencies. We shall now consider the measures
to be adopted to this end.

The broadéning of the resonance peaks as a
result of damping also tends to stabilize the field
distribution, and hence the load impedance of the
magnetron. The latter is of considerable importance,
since one of the primary conditions to be met if the
magnetron. is to be interchangeable is that the
empty oven shall represent the same load for all
magnetrons of the type used. It should consequently
yield approximately the same operating point in the
Rieke diagram, irrespective of the frequency of the '
particular magnetron and without the need to
adjust the plunger in the matched waveguide, which
acts as a matching transformer, between the coaxial
line from the magnetron and the oven. The damping
in an oven measuring 44 X 40X 36 cm should be at
least equivalent to 100 cm® of water. Since all
parts of the oven in which high-frequency currents
flow give rise to losses, every oven possesses a
certain amount of damping, but this is adequate
only if the walls consist of a material whose resist-
ance is not unduly low — e.g. V2A steel — and
provided also that the oven contains such com-
ponents as reflector plates and bars forming a hot
grill. The damping can be increased if the oven trays
for putting the food on are made of dielectric mate-
rials like glass or certain plastics, which give rise
to greater losses than metal trays. They constitute
a basic load which is sufficient to allow the cooker
to be left switched on when the oven is empty.
When there is food in the oven, only a few per cent
of the consumed power is lost in these trays, their
dielectric losses being much smaller than those
of the food.

Fig. 5 shows two sections through the oven of
a microwave cooker. The oven contains a tray for-
the food, a zig-zag heating element for grilling and a
reflector plate. The purpose of the reflector is to
promote a homogeneous energy density in the oven,
its principal action being to offset the irregularity
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Fig. 5. Two sections through the oven of an experimental
microwave cooker. M coaxial line from magnetron. G oven.
Refl reflector. R field stirrer. Gr grill element. Pl tray for
carrying the food. Dimensions in mm.

caused by the asymmetrical connection of the
matched waveguide (see below). The same result
can be obtained by fitting the internal edges of the
oven with oblique metal strips.

The effect of all these measures and the best
position of the reflector plates can only be found by
experiment. For this purpose, 25 small dishes, each
containing 50 cm?® of water, were placed in an ex-
perimental oven. The rise in the temperature of the
water in these dishes within a certain time gives
qualitative and quantitative indications regarding
the distribution of the energy density, averaged
over time, in the plane where the dishes are situated.
-Fig. 6a shows the result of an initial experiment.
The marked rise at the right of the oven is due to the
fact that the matched waveguide is not connected
symmetrically. There was a practical reason for
this, namely that, in addition to this waveguide,
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" room had to be found on the oven for the magnetron

and a fan as well. Fig. 6b illustrates the improvement
effected by introducing a reflector provided with a
slit, as shown in fig. 5. The energy density can be
made still more uniform — or at least its time
average — by constantly varying its distribution.
This may be done by varying certain quantities
that affect the boundary conditions for the field
distribution. Since the frequency of the magnetron
can only be altered within narrow limits, the only
possibility is to alter the geometry of the oven, e.g.
by making the walls themselves, or special reflector
plates, undergo periodic movement. The oven
represented in fig. 5 contains a rotating blade re-
flector called a “field stirrer”. Fig. 6c shows the
density distribution of the dissipated energy after
the stirrer has been given a suitable shape and
position in the oven, again found by experiment. .
One might also, of course, homogenize to some extent
the heat development in the food by making the
oven tray rotate.

Once a uniform distribution of energy has been
achieved by these measures, it is disturbed again
by the absorption and reflection of energy that
occurs as soon as food is introduced. It is therefore
virtually impossible to-achicve a homogeneously
dense distribution of energy in the oven for any
arbitrary content. In practice, however, it is found
that sufficiently uniform heating is obtained
without the radiant energy density being exactly
homogeneous, the reason being that heat conduction
in the food has an equalizing cffect.

A door is required that gives easy access to the
oven. When closed it must shut-in the microwave
energy, and this raises problems concerning the
door contacts. Chinks in the oven wall allow micro-
wave energy to escape and also distort the field
distribution inside. The first step is to try by mechan-
ical means to ensure good electrical contact in the
door joints, e.g. by arranging a series of contact
springs around the opening. At high frequencies it is
necessary to use very reliable contacts, but as they
inevitably get dirty it is difficult to keep them
functioning well over a long period. The second
possibility of making the door “high-frequency
tight” consists in using quarter-wave slots. Two
such slots are used, opposite to each other and both
A/4 deep (in this case 31 mm deep at f = 2450 Mc/s,
A = 12,5 cm); together they form a waveguide
1/2 long, short-circuited at one end (fig. 7a). As a
result of reflection a standing wave appears in these
slots, the voltage and current distribution of which
are shown in fig. 7b. As the current in the middle




1960/61, No. 3

100°C,

MICROWAVE COOKER

50

~~
(=]

4

)

7

A

WW%

A

Y

T /777/

777

00000

2 mw%

Y,

77777777,

S e

I

a

b c

2395

Fig. 6. Distribution of energy density in the oven of an experimental microwave cooker. The three diagrams
a, b and c relate to the same horizontal section through the oven at the situation of the food. At five points
along each of five straight lines in this cross-section is plotted the temperature rise in twenty-five dishes,

each containing 50 cm?® of water. In each case, a, b, ¢, the cooker was switched on for the same time.

a) Original distribution.

b) The distribution has been made more uniform by introducing a reflector plate containing a slit (see fig. 5).
¢) The time-averaged energy distribution has been made very uniform by the use of a “field stirrer

is zero, the contact at that position need not be
perfect and that is where we can situate the join
between oven wall and door. This produces the
effect — at least in theory — of a space closed
without joins, and one may therefore count on
insensitivity to corrosion and dirt.

In practice the 1/4 slots are not in themselves
sufficient, particularly not when the oven is empty
and there are high RF currents flowing in the
walls. The slots should therefore be combined with

The wall currents being strongest when the oven

- is empty, the door contacts are then subjected to

the severest load and there is then a greater chance

oven
space

i

an effective mechanical contact, as illustrated in j My= 37mm
i %
~ T < /
v SR 1, M=31mm /
I
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Fig. 8. The application of /4 slots to prevent the escape
I of microwave energy through the joins in the oven door. In
practice it turns out that it is still advantageous to use contact-
springs. These are not shown in the drawing.
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Fig. 7. Illustrating how the use of quarter-wave slots prevents

the escape of high-frequency energy.

a) Two opposing slots, each A/4 deep, constitute a 1/2 wave-
guide short-circuited at one end.

b) Voltage (V) and current (I) amplitudes along the /2 wave-
guide. At the position where I = 0, a poor electrical contact
is of no consequence.

Jfig. 8. Here, however, the existing mechanical con-
tact between door and housing at the right had to
be improved by contact springs, which are not
shown in the drawing.

wave escaping. It should also be remembered that
the microwave energy may not always be uniformly
distributed over the whole circumference of the door
but may be concentrated, radiating from corners or
hinges if the construction is imperfect.

Construction and circuitry of a microwave cooker

To conclude we shall now touch on the actual
construction of an experimental microwave cooker,
and also discuss briefly the power supply circuit.
A microwave cooker intended for a wide market

.
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Fig. 9. Cutaway view of a microwave cocker. M magnetron. K cooling fan. Ek coupling
waveguide. R field stirrer. G oven. L air extractor. Gt oven door. A anode-voltage trans-
former. F' suppressor filter. H heater-current transformer (the secondary of which is at
high tension and is correspondingly insulated).

and which will be handled by untrained users (cooks
and housewives) must be reliable and easy to operate.
It must therefore be provided with safety devices
to prevent overloading and to exclude the risk of
damage or accidents due to mistakes in operation.

Fig. 9 gives a somewhat simplified cut-away view
of a microwave cooker, seen from the back, that
could be installed in a restaurant or private kit-
chen. As can be seen, the oven is about half-way up,
at the same level as in an ordinary cooker. The
magnetron M, with its coaxial output line and the
matched waveguide Ek, is mounted on top of the
oven. Here, too, are accommodated the cooling fan K
and the motor for the field stirrer R. The rear wall

of the oven is fitted with an extractor fan L.
The oven door is provided with holes through which
fresh air can enter and which make it possible to
watch the food while it is cooking. Interior lighting,
not shown in fig. 9, is then necessary. (There is no
either
through these holes or through the air extractor.)

significant escape of microwave energy
The oven may also be fitted with a grill element
which, as mentioned, serves as part of the main
load and also provides thermal radiative heating
to give the customary brown crust. Food cooked
in a microwave oven does not change much in
appearance; in order, therefore, to ensure adequate
cooking and to prevent overcooking it is desirable
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to provide the cooker with a built-in timer. This is
mounted, together with various switches and pilot
lamps, on a panel above the oven door.

The power pack is located under the oven. The
position of the wvalves, transformers and other
components can be seen in fig. 9. Further particulars
of the circuit are given in fig. 10. A filter is inserted
in the mains leads to suppress interference from
transients that may be generated by the magne-
tron when it is switched on. When the main switch
S, is turned on, current flows to the heaters of the
magnetron and rectifier valves, and the fan K
for cooling the magnetron, the stirrer R and the air
extractor L are started up. Block H contains the
heater-current transformer for the magnetron; the
secondary is at high tension and is correspondingly
insulated, and therefore the heater current is regu-
lated at the primary side. Two minutes after S, has
been switched on, the time relay T closes the safety
switch V, enabling the anode voltage for the magne-
tron to be switched on with S,. The time the oven is
to operate is preset with the timer t. In series with
S, there are two other safety switches Tk and Lk.
The door switch Tk cuts off the magnetron if the
door is opened; if one were to put one’s hand into the
radiation field, damage could be done to internal
tissues. Switch Lk opens if the temperature of the
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Fig. 10. Block diagram of a microwave cooker. F' suppressor
filter. S, main switch. T time relay. ¢ timer. S, switch for mag-
netron high tension. Lk and Tk safety switches, which' can
close only when the magnetron temperature is not too high
and the oven door is closed. 7 anode-voltage switch. 4 power
pack supplying anode voltage. H filament-current transformer.
W overload safety device. M magnetron. B ammeter for anode
. current. K cooling fan for magnetron. G oven. R field stirrer. .
L air extractor. Gr grill element. g switch for Gr.
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magnetron is too high, indicating that the air or
water cooling is not functioning properly.

Block A contains the anode voltage transformer,
which is regulated at the primary side, and the rec-
tifier valves. In connection with the Rieke diagram
(fig. 4) it was mentioned that the magnetron may be
fed with an unsmoothed, rectified voltage. The ratio
between the peak and mean values of the anode
current affects the permissible value of the stand-
ing-wave ratio ¢, and this is taken into account in
the design of the high-tension and rectifier section.
The HT, after being switched on, should be turned
up very gra;iually, otherwise the taste of delicate
foodstuffs might be spoilt by sudden overheating.
In blocks A and H (fig. 10) it is indicated symboli-
cally that the heater voltage is gradually reduced
as the anode current is turned up; if this were not so,
back-bombardment would overheat the cathode.
The meter B in fig. 10 is an ammeter for the anode
current; it provides a check on the power delivered
by the magnetron and thus simplifies the operation
of the cooker. For practical purposes all the dial
need contain is a mark indicating the maximum
permissible deflection of the needle. If the anode
current becomes too high, e.g. as a result of mains
fluctuations, the relay W shuts off the high tension
via the safety switch V.

The oven G further contains a grill element Gr,
which is operated by a separate switch g but can also
be brought into action by the timer.

The microwave cooker illustrated in fig. 9 is only
an example. A continuous-feed oven might equally
well be built, which could serve for heating or
cooking large numbers of the same dishes in big
kitchens or canteens. The 5 kW CW magnetron men-
tioned earlier (fig. 2) might be used with advantage
here. A continuous oven lends itself well to auto-
mation, in which form microwave heating could also
be used in industry, e.g. for drying wood, paper
and textile products, for welding and sintering
plastics and for numerous other purposes ). Com-
pared with the traditional method of (dielectric)
RF heating, the microwave method offers the advan-
tage of a greater concentration of power in the work-
piece. Compared with infra-red heating, microwaves
have the advantage of great depth of penetration,
giving effective heating from inside outwards.

Summary. After a review of the physical principles of dielectric
heating in a microwave radiation field, a CW magnetron is
described which is capable of delivering 2 kW continuous output
at 2450 Mec/s. (Reference is also made to a recently-developed
5 kW CW magnetron.) The 2 kW magnetron is made in two

8) Seee.g.W.Schmidt, Mikrowellengenerator zur dielektrischen
Erwirmung und Trocknung nichtmetallischer Bahnen und
Folien, Elektron. Rdsch. 13, 359, 1959 (No. 10).
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versions, air-cooled and water-cooled, and is especially suited
for the heating of foodstuffs in a resonant cavity (microwave
cookers). The magnetron has an impregnated dispenser cath-
ode, delivers its power through a double coupling loop to a
coaxial line, and is equipped with a ferroxdure magnet. The
characteristics of the magnetron are discussed with reference
to its Rieke diagram.

When used in a microwave cooker the magnetron is required
to operate under a widely varying load impedance. The oven
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of the cooker must be so designed as to minimize load reflec-
tions, which give rise to standing waves in the magnetron output
line. A uniform field distribution in the oven is achieved by
means of reflector plates and a “field stirrer”. It is important
to provide for adequate damping in the oven, particularly when
there is no food in it. Quarter-wave slots are used to prevent
microwave energy escaping through the door joints. Finally
the construction and circuitry of an experimental microwave
cooker are discussed.

ABSTRACTS OF RECENT SCIENTIFIC PUBLICATIONS BY THE STAFF OF
N.V. PHILIPS* GLOEILAMPENFABRIEKEN

Reprints of these papers not marked with an asterisk * can be obtained free of charge
upon application to the Philips Research Laboratories, Eindhoven, The Netherlands,
where a limited number of reprints are available for distribution.

#2753:- J. Smit and H. P. J. Wijn: Ferrites: physical
properties of ferromagnetic oxides in rela-
tion to their application (Philips Technical
Library, 1959, XIV -+ 369 pp., 244 figures).

See the book notice printed below (p. 104).

*2754: H. Bremmer: Mode expansion in the low-
frequency range for propagation through a
curved stratified atmosphere (J. Res. Nat.
Bur. Standards 63 D, 75-85, 1959, No. 1).

The expansion cited in the title is particularly
useful when ionospheric propagation at low fre-
quencies is considered. The complex problem dealing
with two media, viz., a homogeneous earth and a
surrounding stratified atmosphere, leads to intrac-
table expressions. However, as the influence of the
earth may be accounted for by an approximate
boundary condition at the earth’s surface, the
problem is reduced to that of the outer medium only.
The coefficients of the mode expansion for this
simplified problem are derived while taking into
account the earth’s curvature; however, the latter
proves to be negligible under very general conditions.
The expansion derived is wanted in particular when
the influence of a gradual transition in the electron
density with height at the lower edge of the iono-
sphere is studied.

*2755: W. J. Oosterkamp and J. Proper: The water
’ equivalence of “Mix D”’ phantom material
for soft X-rays (Brit. J. Radiol. 32, 560,

1959, No. 380).

Correction to No. 2645.

2756: H. F. Hameka: Calculation of the magnetic
susceptibility of methane (Physica 25, 626-
630, 1959, No. 7).

The magnetic susceptibility of methaneis calculat-

ed by employing molecular orbitals which are con-
structed from gauge invariant atomic orbitals. The
result is y = —13.7X10-%; the agreement with the
experimental value y = —12.2 X 10-%is satisfactory.

2757: W.van Gool and A. P. D. M. Cleiren: Influ-
ence of hydrogen on the red ZnS-Cu fluores-
cence (J. Electrochem. Soc. 106, 672-676,
1959, No. 8).

Self-coactivated ZnS-Cu phosphors were made by
firing in different atmospheres. When H,S/H,
mixtures were used, the red fluorescence decreased
with increasing amounts of hydrogen. With Ar/S,
or with N,/S, atmospheres no red fluorescence was
obtained. These experimental results can be sum-
marized by stating that, in order to obtain the red
fluorescence, hydrogen must be incorporated into
the phosphor and the sulphur pressure must be suffi-
ciently high. The hydrogen either forms a part of
the red center or it destroys or replaces a killer
center that prevents the occurrence of red fluores-
cence when hydrogen is absent. In connection with
the high sensitivity of the red fluorescence to small
amounts of impurities it is suggested that the con-
centration of the red centers is much smaller than
the amount of incorporated copper.

2758: H. Koelmans and C. M. C. Verhagen: The
fluorescence of binary and ternary germa-
nates of group II elements (J. Electrochem.
Soc. 106, 677-682, 1959, No. 8).

The fluorescence of binary and ternary germanates
of Ca, Sr, Ba, Mg and Zn with different activators
was investigated. Germanate phosphors activated
with Pb, Ti and Mn are described. The ternary
composition triangles are given together with the
X-ray powder-diagrams of 23 hitherto unknown
germanates. '
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2759: N. W. H. Addink: Determination of the
transition probability (reciprocal of lifetime)
of excited atoms and ions from spectro-
analytical data and the importance of life-
time values in spectrochemistry (Spectro-

chim. Acta 15, 349-359, 1959, No. 5).

The purpose of this investigation was to discover
‘why some of the spectral lines used in the method
of spectrum analysis by means of direct-current are
discharge do not meet the requirements of reprodu-
cibility. While studying the origin of these lines it
was found necessary to calculate their tranmsition
probability . (reciprocal of lifetime), which proved
that a relatively long lifetime is responsible for
emission disturbances (collisions of the second kind).

2760: H. J. L. Trap and J. M. Stevels: Physical
properties of invert glasses (Glastechn. Ber.
32 K, VI/31-VI/52, 1959, No. 6).

The conventional silicate glasses are characterized
by an irregular spatial Si-O network, in the inter-
stices of which a number of network modifiers are
situated. The physical properties of these glasses are
mainly determined by the behaviour of this network.
However, going to a rather low silica content, the
coherence of these glasses and their physical proper-
ties can no longer be determined by the spatial Si-O
network, since only rather short Si-O chains are
present. The cations determine the behaviour of the
glass (invert glasses). It is shown that in invert
glasses certain properties (viz. those which are
related to short-range phenomena, such as dielectric
and mechanical losses, viscosity, coefficient of
expansion) vary with composition in a direction
opposite to that in conventional glasses. Properties
reflecting an average overall situation (dielectric
constant, refractive index) vary in the same
direction as in conventional glasses. It is shown
that the transition from conventional glasses to
invert glasses takes place at compositions where
the average number of non-bridging oxygen ions
per Si0, tetrabedron is two. Consequently this
criterion may be used to determine which fraction
of “intermediates™ is present in-the form of network
modifiers and network formers..

2761: J. M. Stevels: Netzwerkfehler in kristallini-
schem und glasigem SiO), (Glastechn. Ber.
32, 307-313, 1959, No. 8). (Network imper-
fections in crystalline and vitreous SiO,;

in German.) "
Crystalline and vitreous SiO, almost always con-

tain network imperfections. Their ‘concentration,
however, is often so small that they are undetectable
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by the methods of chemical analysis. There are also
network imperfections which by their very nature
cannot be detected in this way. Modern physical
methods are now available (dielectric loss measure-
ment at low temperatures, paramagnetic resonance
measurements and optical absorption methods)
which can give not only some estimate of the
concentration but also some idea of the kinds of
imperfection present. Comparison of the network
imperfections before and after irradiation with
electromagnetic waves (silort-wave U.V., X-rays
or y-rays) or neutrons, can lead to some idea of the
“reactions” brought about by such radiations in
crystalline and vitreous silica.

2762: C.J. Bouwkamp: Interaction of two crossed
" cylinders in the presence of Van der Waals
forces (Nieuw Arch. Wisk. 7, 66-69, 1959,

No. 2).

Calculation of the Van der Waals interaction energy
of two crossed infinite circular cylinders in terms of
their radii and separation.

2763: H. C. Hamaker: A note on ANOVA in the
transistor industry (Industr. Qual. Control
16, 12-14, 1959, No. 1).

Discussionbetween the author and A. W. Wortham
on an application of variance analysis to certain
problems in transistor applications. The discussion
centers around the problem of how to deal with
one apparently discrepant observation, a so-called
outlier. ‘

2764: A. H. Boerdijk: Contribution to a general
theory of thermocouples (J. appl. Phys. 30,
1080-1083, 1959, No. 7).

Application of thermodynamics of irreversible pro-
cesses to a thermocouple of which (a) the bars have
an arbitrary shape, (b) the properties of the mate-
rials are arbitrary functions of temperature, and (c)
the composition is, under certain restrictions, inho-
mogeneous and anisotropic, leads through introduc-
tion of a single place coordinate to two nonlinear
differential equations describing the stationary dis-
tribution of temperature and electrical potential.
Output powers and efficiencies are expressed in terms
of the temperature gradients in the bars. The maxi-
mal values of the efficiencies obtained by variation
of the shape of the bars are independent of the
shape. Upper bounds of the efficiencies attainable
by stationary thermoelectric conversion are derived.
If the shape of the bars is restricted to general cy-
linders and truncated wedges or cones, the transient
behaviour is described by two partial differential
equations which contain two independent variables
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only. A periodic ripple in the electrical current has
the same effect as a decrease of the electrical con-
ductivities of the materials.

2765: J. S. C. Wessels: Studies on photosynthetic
phosphorylation, ITI. Relation between pho-
tosynthetic phosphorylation and reduction
of triphosphopyridine nucleotide by chloro-
plasts (Biochim. biophys. Acta 35, 53-64,
1959, No. 1).

The photochemical reduction of TPN by isolated
chloroplasts was investigated. A comparison of the
rate of TPN reduction with that of photosynthetic
phosphorylation provided evidence that the genera-
tion of ATP in the presence of vitamin K3 or FMN
is not coupled with the reoxidation of TPINH by the
oxidized product of the photolysis of water. Photo-
synthetic phosphorylation could proceed unimpaired
under conditions in which the chloroplasts had
lost their ability to reduce TPN. On the other hand
TPN reduction could be considerably stimulated by
a chloroplast extract which did not affect photosyn-
thetic phosphorylation. These results are discussed
in relation to the recent finding that the reduction of
TPN by chloroplasts is accompanied by ATP

formation.

2766: M. J. Sparnaay: The interaction between
two cylinder-shaped colloidal particles (Rec.
Trav. chim. Pays-Bas 78, 680-709, 1959,
No. 8).

The theory of the stability of lyophobic colloids, as
given by Derjaguin and by Verwey and Overbeek
for the flat-plate model or the sphere model of col-
loidal particles, is applied to cylinder-shaped col-
loidal particles. Anisometry was taken into account
by considering the interaction between two parallel
particles and between two particles in a crossed
position. Mathematical expressions are given for the
repulsive and the attractive potential energy in
these two cases. It can be inferred from these ex-
_pressions that the behaviour of two parallel eylin-’
ders is intermediate between the behaviour of two
flat plates and two spheres, whereas two crossed
cylinders behave in much the same way as two
spheres.

Now available

J. Smit and H. P. J. Wijn: Ferrites: physical
properties of ferromagnetic oxides in relation totheir
application (Philips Technical Library, 1959, XIV
+ 369 pp., 244 figures).

In recent years the most important developments
in magnetic materials have been in the field of
magnetic oxides. This book gives the reader an
introduction to ferrites, that is to say, the magnetic
oxides containing iron as their main component. In
the many theoretical problems treated, the authors
make use of simple physical models rather than
rigorous mathematical methods. In view of the large
and growing number of applications of ferrites in
electronics and electrical engineering, this book is
indispensable to those working in these fields. In
addition there is much of direct interest to those
concerned with metallurgy and inorganic chemistry.

The book is divided into four parts, with chapters
as follows:

Part A. Theory: I. On the properties and the origin
of magnetic fields in matter. II. Theory of ferro-
magnetism. III. Ferrimagnetism. IV. Magnetic
anisotropies. V. Magnetization processes. VI. Dynam-
ics of magnetization processes.

Part B. Measurements: VII. Methods of measuring
ferromagnetic properties.

Part C. Intrinsic properties: VIII. Intrinsic proper-

ties of ferrites with spinel structure. IX. Intrinsic

properties of ferrites with hexagonal crystal struc-
ture. X. Intrinsic properties of ferrites with garnet
structure. ’

Part D. Polycrystalline ferrites: XI. Structure of
polycrystalline ferrites. XII. Electrical properties.
XIII. Static initial permeability. XIV. Frequency-
dependence of the initial permeability. XV Static
hysteresis loops. XVI. Dynamic properties at high
field strengths. -

The book concludes with a list of references to
the literature and an index.

French and German editions are in course of
preparation.
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APPLIED STATISTICS
AN IMPORTANT PHASE IN THE DEVELOPMENT OF EXPERIMENTAL SCIENCE

by H. C. HAMAKER.
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* On 20th May 1960 Dr. H. C. Hamaker presented an address under the above title to mark
his inauguration as extra-mural professor at the Technische Hogeschool, Eindhoven. As we
have frequently done on similar occasions in the past, we print below the text of his discourse
in extenso *). The author has introduced some changes here and there to suit a wider audience

than thatwhich attended the inaugural ceremony. Some years ago a series of articles on sampling
systems from the pen of Prof. Hamaker were published in this journal **). These articles were
largely confined to lot inspection. In recent years statistical methods have been more and more
applied to research in general: the author traces here the broad lines of this development. A short
bibliography is appended of articles on statistics contributed by the author in recent years to

professional journals.

Fifteen or so years ago the statistician in industry
was still virtually unknown in this country and in
many others. The notion that statistics might be
usefully applied to technological problems was more
often than not, as I myself discovered, dismissed
with a shrug of the shoulders.

Since then, however, the situation has radically
changed. The Philips Research Laboratories at
Eindhoven now employ a group of eight or ten
professional statisticians who are engaged solely on
research in this ficld and on the application of
statistical ideas and methods to industrial problems.
Moreover, scattered throughout the company there
are smaller groups of statisticians working on
problems specific to a particular division and its
products. Similar developments have taken place
in other industries at home and abroad, and the
market has not yet by any means reached saturation
point. There is a constant demand for experienced
statisticians, and for training and instruction at
various levels that will enable industrial personnel
to solve simple problems themselves and to judge
when the services of a professional statistician can
best be called upon. This is not a passing vogue.

*) Published by Centrex, Eindhoven, 1960.

**) H. C. Hamaker, Lot inspection by sampling; The theory
of sampling inspection plans; The practical application of
sampling inspection plans and tables (with J. J. M. Taudin
Chabot and F. G. Willemze), Philips tech. Rev. 11,
176-182, 260-270, 362-370, 1949/50.

On the contrary, I believe that we are in the middle
of an important phase in the evolution of scientific
thought, which will have a lasting influence on
almost every branch of science. I should like first
of all to dwell on this aspect for a moment.
Technology, the arbiter and pacemaker of our
modern society, is a product of the rapid advances
made in the natural sciences. These in their turn
sprang from man’s innate urge to understand and
explain the phenomena he perceives in the world
around him. The first steps in this direction are to
make objective observations, and to record these
observations in terms of numerical quantities which
can be compared with other similar quantities and
used to perform mathematical operations.
Experience has shown, however, that numerical
observations are hardly ever exactly reproducible;
when an experiment is repeated the results in-
variably show a certain spread. Accurate results are
obtained only when the observations are made under
carefully chosen, controlled conditions. The scientist
would therefore retire behind the walls of special
laboratories where such conditions could be estab-
lished. The utmost care was devoted to the construc-
tion of the equipment employed, and the objects to
be studied were carefully selected; only those were
admitted that appeared to allow accurate and
reproducible observations. Although no observation
is ever perfectly reproducible, no matter how elabo-
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rate the precautions taken, the accuracy achieved
was such that the results could be interpreted with-
out taking their spread into account. To facilitate
the interpretation of the results the problems chosen
were - simple, involving only a limited number of
factors. “Exact”, reproducible observation, with
only one factor varied at a timey became the ideal
that typified the classic exact sciences. Hence the
qualification exact.

It is in the nature of man to tend to overestimate

the significance of methods and ways of thinking
that have been successful, and to attribute to them
a general validity beyond the confines of the field
for which they were devised. The success of the
exact sciences accordingly led to the belief that the
path followed was the only true one, and those who
followed it were inclined to look down on all
investigations that had to be content with less
accurate observations.

In this they were wrong, for there are many fields
of research where exact observation is essentially
impossible; for example, the branches of science
concerned with living beings. We can, it is true,
determine with some accuracy the metabolism of a
single plant or animal, but the value of such ob-
servations depends on the extent to which the
results may be interpreted as valid for the species
as a whole. And such interpretations must inevitably
take account of the variations from one individual
to another, which are always considerable.

Again, it is often wrong to limit experiments to
the variation of only one factor. Agricultural experi-
ments are a case in point. Suppose we want to find
out how the yield of different varieties of potatoes
depends on the nature and quantity of manure. We
must not investigate separately the influence of
manure containing potassium and of manure con-
taining nitrogen, because their combined effect
cannot be predicted from their separate effects, i.e.
there is an “interaction” between these variables.
Nor can the experiment be divided into parts to be
done in different years, for changeablé weather
conditions will make it impossible to compare the
results. The only efficient experimental method is to
deal with all the varieties and manures in one season.
The elements.of this experiment should be distrib-
uted over a limited area of land in such a way as to
minimize unavoidable variations in the fertility of
the soil. Even then, fairly important random
fluctuations will continue to influence the results,
and these must be taken into account by an'appro-
priate mathematical method of interpretation.

Between 1920 and 1930, the well-known English
statistician Sir Ronald Fisher, at the Agricultural
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Experimental Station at Rothamstead, was the first
to recognize that the principles of agricultural
experimentation should be entirely different from
those of the “exact” experiments in the laboratory.
In his book “The design of experiments” he showed
the way which is still being pursued 1).

According to these new principles there is nothing
against varying several factors simultaneously in a
single experiment, provided the layout is so designed
that the effect of each factor can be separately
established by an appropriate analysis of the
observations. A further merit of such designs is that
the extent to which the various factors influence one
another can also be determined. This is of course
impossible if only one factor is varied. _

The random fluctuations impart an element of
uncertainty to any conclusion drawn from the
observations. This implies accepting that there is
always a certain risk of drawing a wrong conclusion.
This is no objection provided the design of the
experiment permits an analysis of the magnitude of
that risk: we are then in a position to keep it within
reasonable bounds.

In these experimental designs statistical tech-
niques of analysis and interpretation play a
most important role. They are derived from the
statistical principles evolved at the turn of the
century by Galton and Pearson, which are based
mainly on the theory of probability %). This explains
why the new ideas have been developed by statisti-
cians and are nowadays principally described in text
books on statistics.

In my view, however, they should really be seen
as a fundamental change in the principles of
experimental science. The classic ideals of exacti-
tude, and of varying only one factor at a time, forced
the experimenter into a straitjacket, from which he
was freed by the work of Fisher. Phenomena
formerly excluded from the preserves of exact
science, for being inaccessible to exact and reprodu-
cible observation, can now be subjected to a mathe-
matically well-founded — and thus in a certain
sense “exact”” — treatment. This has considerably
widened and deepened the field of applied science. No
wonder, then, that statistics nowadays plays an
active part in almost every branch of knowledge.

Although in the application of statistics the line
of thought remains consistent, the methods adopted

1) R.A. Fisher, The design of experiments, Oliver and Boyd,
Edinburgh 1935. )

2) See e.g. K. Pearson, The life, letters and labours of Francis
Galton, Cambridge Univ. Press 1914 (Part I), 1924 (Part II),
1930 (Part IIIa, b).

E. S. Pearson, Karl Pearson, an appreciation of some
aspects of his life and work, Cambridge Univ. Press 1938.
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are many and various and must always be adapted
to the given problems and circumstances. To take
the case of agriculture again, only one experiment
a year can be carried out; elaborate and complicated
experimental designs are. therefore justified. The
experiment itself is done in spring and summer, the
observations are harvested in the autumn, and the
winter is spent in analysing them and in designing
a fresh experiment.

In the electrical engineering industry, on the other
hand, we are concerned with machines capable of
turning out a thousand and more products an hour.
There is no need here to skimp the number of
observations, but the experiments must be kept as
simple as possible to avoid organizational difficulties
and laborious analysis. At such a rate of production
the engineer is in a hurry, and he would really have
preferred the answer yesterday to the experiments
being done today.

Between these extremes we have the chemical
industry, which may process one charge a day. Here
the investigator must be sparing in his observations,
because they are costly and because a comprehensive
investigation would take too long.

In medical research we may want to compare two
medicines: neither the patient nor his doctor must
know which one has been administered, to preclude
the possibility that their judgement of the results
is coloured by preconceived opinions. Nor is it
possible to carry out the experiment as and when it
suits the investigator; its rate of progress is deter-
mined by the availability of patients. This has
the advantage, however, that the results can be
gradually accumulated and the experiment stopped
as soon as a clear conclusion has been reached.

Again, in psychological experiments we are not
primarily concerned with studying the effects of
certain factors. The problems involved are entirely
different. There are, for example, many possible
methods of estimating human intelligence, but
intelligence cannot be measured; it is only by
comparing the various methods one with the other
that we can try to discover in how far they answer
their purpose.

The sociologist has to rely on surveys for his
observations; statistical methods are important here
for processing and interpreting the results, and also
for devising an efficient survey technique.

I could go on like this for some time, but I shall
turn now from the general to the particular, in order
to illustrate some of the ideas and methods which
form the statistician’s stock-in-trade. I shall take the
example that first springs to mind on this occasion,

APPLIED STATISTICS

107

namely the address I am now delivering and
inaugural addresses in general.

Let us imagine we want to know, for one reason
or another, the average length of the words used in
this discourse, length meaning the number of letters
per word. How can we best find it?

My lecture consists of a collection of 6000 to 7000
words, and no-one will expect me to have measured
them all. It is evidently possible to determine
the average word-length with a fair accuracy by
counting a limited number of words. We start by
counting 200 words, picked at random from the text;

in the terminology of statistics we take a “sample”
of 200 words. The result is set forth in fig. I in a
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Fig. 1. Histogram of counted word-lengths in a random sample
(drawn by lot) of 200 words. n = number of times the word-
length L (= number of letters per word) is found.

so-called histogram. Of the 200 words, 34 were found
to contain 2 letters, 40 had 3 letters, 34 had 4, and
so on; the longest word, with 18 letters, was observed
three times *). These 200 observations yield an
average length
L = 5.34 letters per word.
Of course, this value does not agree exactly with
the “true” average length A which we should find if
we counted all the words. Nevertheless, from the
dispersion of the results, as appears in the figure,
we can establish limits between which this unknown
parameter (A) can-be said to lie with a given degree
of confidence. This yields:
4.88 << 4 < 5.80 letters per word
with a confidence of 959,.

If I assert that A lies between these limits, I run
a 59, risk of telling an untruth. The limits form a
so-called confidence interval. For the confidence level
we can choose any value we like; a higher level of,
say, 999, will lead to a wider interval. The width of

*) The analysis refers to the original Dutéh version of this
lecture. . .
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the interval is inversely proportional to the root of
the number of observations, so that we must make
four times'as many observations if we wish to halve
the width of the interval; i.e. 800 instead of 200.

Two important questions now arise. Firstly, how
are we to pick out the words that will constitute the
sample? And secondly, what degree of accuracy, or
what width of confidence interval, should we aim at;
in other words, how big must the sample be?

To the first question the statistician has a ready
answer. The sample must be a random one; it may
be obtained by numbering the words of this speech
consecutively from beginning to end and deter-
mining the serial numbers of the words that are to
make up the sample by a lottery.

There is nothing difficult about that, for every
applied statistician worth his salt carries a lottery
about with him. A simple example of such a device
consists of a glass bulb with a hollow stem and filled
with ten wooden beads, nine of them green and one
red. When the beads are shaken from the bulb into
the stem, the position of the red bead indicates a
number between 0 and 9. By repeating this opera-
tion many times we obtain a set of random numbers,
that is numbers from 0 to 9 in completely random
order. Groups of four random numbers together then
indicate the serial numbers of the words to be in-
cluded in the sample; numbers higher than the total
of words in the text are ignored.

Plainly, this method of sampling is extremely
cumbersome, and in the present case unnecessary.
In any language, long and short words succeed one
another with a fair degree of regularity. Perhaps, in
an inaugural address of this nature, one might
expect to find rather more long words in the middle,
when the speaker has warmed up to his specific
technical jargon, than at the beginning or end, but
this can have no pronounced effect. If, to be on the
safe side, we choose one or two lines at random on
each page and count the words on those lines, we
shall certainly get a satisfactory estimate of the
average word length. That in fact was how fig. 1
was constructed.

Another method would be to stick a pin into the
text at random places, and afterwards to take the
words thus pierced. That would lead to a biased
result, however, for the long words have a greater
chance of being piercedAthan the short ones. Fig. 2,
which was produced in this way, shows this very
clearly. The average length is now 7.67 letters per
word, quite a lot more than the value of fig. 1. Even
0, we can still arrive along these lines at a correct
result. The chance of piercing a word is clearly
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proportional to the length of that word, and a
statistical theory, making use of this datum, tells
us that we must now compute the mean of the
reciprocal word-length. The value found is 0.188
words per letter, and by taking the reciprocal of
this mean we obtain a correct estimate for the
actual average word-length:

1

0188 = 5.31 letters per word,

which agrees very nicely with the value found from
fig. 1. '

This method finds practical application in traffic
surveys for ascertaining the average distance
travelled by motorists per journey. The system is to
stop an arbitrary group of cars on the road and to
ask the drivers where they come from and where
they are going. The chance of a motorist being
included in the sample is proportional to the length
of his journey, and here again the above method of
calculation must be applied.

Finally, there is a third method by which we can
find the average word-length: we determine the
average number of letters and the average number
of words per full line of print, and then divide the
first average by the second. The number of letters
per line is found to be surprisingly constant, so that
a few counts are sufficient to achieve reasonable
accuracy. It is a simple matter to count the number
of words in a line, and here an accurate result can
be arrived at by making a large number of counts.

The three methods discussed are compared in
Table I. Column B gives the average word-length,
column C the 959, confidence interval, column D
the width of this interval, and column E the total
number of counts. The first two methods have
roughly the same width of interval, but since the
average word-length in the second method is greater,

40 -
_ N=200
0l L =767; ['=0,188
V=531
n 4,81<A< 581
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Fig. 2. Histogram of the lengths of 200 words, found by
_ pricking the text blindly with a pin.
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Table I. Cozﬁparison of the average word-lengths, I, determined by three different methods. A is the true average length.

’

—_ Confidence interval . ’
Method L for confidence level Width of Total number
letters/word of 959 confidence interval of counts
o
I. Sampling by random numbers 5.34 4.88 < 2 < 5.80 0.92 200 5.3=1060
II. Sampling by pinpricks 5.31 4.81 < A< 5.81 1.00 200 7.7=1540
III. Average number of letters per
" line divided by average number }
of words per line 5.48 5.22 < 1< 5.74 0.52 (7% 57.3)+(60 % 10.5)
= 1031
A B c . D ‘ E

many more counts were needed. Method IT is thus
decidedly less efficient than method I. In the third
method the number of letters was counted in 7 lines,
and the number of words in 60 lines, amounting-
altogether to 1031 counts, about the same as in
method I. The resulting confidence interval, how-
ever, is only half as wide; method III therefore
provides by far the most accurate result for the same
number of counts. In this way, then, a statistical
analysis enables us to decide on the method of
investigation to be preferred.

The second question, concerning the accuracy to
be aimed at, is countered by the statistician with
the further question: For what purpose do you want
to use the result? If it is simply a matter, as it is
here, of collecting demonstration material for a
lecture, no particular demands need be made on the
accuracy, and the data given above are more than
ample. But if we want to use the average word-
length as a personal characteristic of the author, and
to compare the discourses of various authors on that
point, the position is entirely different.

From counts made (by the third method) on
various published inaugural lectures I have not been
able to discover any differences. That is not sur-
prising, for the texts were all in Dutch, and diffe-
rences, if any, would certainly be very slight. Much
larger samples would be needed to find them.

The average word-length, then, is unsuitable as a
characteristic of the literary efférts of different
professors. In the average sentence-length, i.e. the
average number of words per sentence, we may
expect more variation. This characteristic may be
found by a method similar to method III, that is by
taking the product of the total number of printed
lines and the average number of words per line, and
dividing it by the total number of sentences. We can
skip the details. An investigation of seven texts
showed the overall average sentence-length to be

about 25 words, with individual averages varying
from 22 to 32 words. Here the differences are quite
marked.

One might try to pursue this line of inquiry even
further. I fear, however, that the reader will lose
patience at this point, feeling that a study of the
length of words and sentences can only be of
academic interest. To bring out more plainly the
practical significance of the procedures described,
I shall therefore apply a transformation to our
problem. I now change professors into machines.
The words uttered by professors shall be products
brought forth by these machines, and the length of
the words shall be a dimension characterizing the
quality of these products, for example a diameter.

After this drastic transformation we still find
ourselves faced with the same problems. Although
the dimensions of the products are not as variable
as the lengths of words, they are not all exactly the
same; some variability is always present in mass
production. Further, the number of products in
many cases is so large that we cannot feasibly test
them all, and we must again be content with a
sample.

There are, however, marked differences between
the machine problem and the professor problem.
Whereas the average word-length was not subject
to any special requirements, a nominal value is
usually specified for the average diameter; devia-
tions from that value tell us whether a machine is
properly adjusted. Again, the words in a piece of
prose are neatly arrayed side by side, and long and
short words succeed one another with a certain
regularity. But. the products turned out by a
machine are jumbled together in a heap, and so we
can no longer apply method III to find the average
diameter. Moreover, whilst no or only minor
disparities were found in the average length of the
words produced by different professors, and no
variation is to be expected in the course of time,
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the average diameters of the products from the
several machines certainly will differ, and ' these
values are also subject to variations over a short
period as a result of wear. A single, elaborate
investigation as represented in figs.1 and 2 is out
of place where machines are concerned; the appro-
priate method here is to take small samples at
regular intervals, in order that prompt action can
be taken if misalignment becomes too serious.

Nor do machines run on indefinitely. From time
to time a breakdown occurs, or operations have to
be stopped to make adjustments or feed in fresh
material. We may thus imagine the lengths of the
sentences to be transformed into time intervals
during which the machines operate without inter-
ruption. Now, in any discourse short sentences
generally improve the clarity and long sentences are
better avoided, whereas long operating periods are
just what we want from a machine; machines with
a propensity for unduly short periods are consigned
to the workshop for overhaul. Here again we have
an evident difference.

Finally, we can go a step further and ask in how
far discrepancies in the quality of the products,
turned out by different machines, are attributable
to the machines themselves, to the workers operat-
ing the machines, or to the batches of raw material
processed. An answer to this and similar questions
can best be supplied by an experiment, along the
lines, for example, of a “Latin square”, as represented
in fig. 3. We choose, say, 4 machines, 4 operators
and 4 batches of raw material. Each batch is divided
into 4 portions and the experiment is arranged so
that each batch is processed once on each of the
4 machines and once by each of the 4 operators,
while each operator also works omce on each
machine. With an experimental design of this type,

A B c | D
I 2 4 1 3

S|
>
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-

o1 |3 | 4| 2

2535

Fig. 3. Statistical design for an experiment, a “Latin square”,
used for investigating the influence of machines, labour and
raw materials on the quality of a product.

A, B, C, D machines.

I, II, II1, IV operators.

1, 2, 3, 4 batches of material.
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the influence of the machine, the operators and the
raw material can be separately determined by an
appropriate analysis of the data — a typical instance
of the way in which the statistician interweaves
several factors in a single experiment. With the
Latin-square design the information required is
obtained with a minimum number of observations.

The reader will understand that experiments of
this kind are not appropriate to the study of the
lengths of words or sentences. One might ask, for
example, in how far the average sentence-length,
which — as we have seen — is characteristic of the
individual professor, is also dependent on his subject
matter. But an experiment in which a number of
professors were each persuaded to write a number
of inaugural addresses on different subjects, is out
of the question.

- The radical transformation I have applied thus
demonstrates the point emphasized earlier: the
statistical nature of the problems is not affected.by
such a transformation but the questions to which we
seek an answer, and the conditions under which we
must work, may be substantially altered. Each case,
then, demands an individual approach to arrive at
a satisfactory solution.

Finally, I should like to touch briefly on the

question in what respect applied statistics differs
from theoretical or mathematical statistics. There is
reason for doing so in that the practitioners of these
two branches of statistical science tend very much to
keep their distance. A journal of such broad scope as
the American “Annals of Mathematical Statistics™,
for example, prints many articles that are beyond
the grasp of most applied statisticians, and give
them the feeling that this is a special kind of
mathematics for the sake of mathematics, but
without any connection with the practical problems
of daily life.
. In our earlier count of 200 words we established
a confidence interval for the average word-length A
with a confidence level of 95%,. The question turns
now on what degree of accuracy may be attached to
this quantity. The applied statistician is interested
only in the order of magnitude. For him a confidence
level of 959, means that the risk of reaching a false
conclusion is of the order of 5%; but it is of no
serious consequence if the real risk is not 5%, but
29, or-10%,.

The mathematician, on the other hand, would
require the risk to be exactly 5%, or, if that is
mathematically unattainable, he requires 5%, to
be an upper limit to the risk; on no account should
the risk be greater than 59%,.
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The science of statistics owes a great deal to this
striving after mathematical rigour. It has led, for
instance, to the development of the elegant and
often very simple “distribution-free” methods, to
which Van Dantzig and.his pupils at Amsterdam
have contributed so much 3).

But an exaggerated insistence on rigour has its
practical disadvantages. It does not always result in
simplifications; on the contrary, it produces a multi-
plicity of methods and formulae which may hamper
rather than assist the effective application of
statistical techniques.

What, then, it may be asked, is the real value of
statistical analysis of observations? It does not, as I
see it, lie in the exactness of the risks attached to
conclusions. Statistical techniques provide us with
internationally accepted standards for dealing with
questions that arise in all research work. It is the
international acceptance of uniform procedures that
determines the real value of statistical methods. It
leads to the economical formulation of the results and
interpretation of scientific investigations. Undoubt-
edly international acceptance is more likely when the
risks in a statistical procedure are clearly established.
But simplicity and uniformity of methods and
formulae are equally essential. If the pursuit of
scrupulous accuracy produces a multitude of
methods and complicated formulae, uniformity goes
begging and it may therefore be preferable torelax
the demands on exactness.

The difference in viewpoint between the theoreti-
cian and the practitioner has far-reaching effects.
If we want to analyse the separate influences of
operator, machines and raw materials on the quality
of the products, using a Latin square as in fig. 3,
the assumption underlying the experiment is that
these three factors operate independently. We
assume, for example, that the differences between
the operators are always the same for any given
combination of materials and machines. But if each
operator is specially accustomed to his own machine,
we are not entitled to interchange men and machines
freely, and the Latin square is no longer the proper
design for the experiment.

Every statistical experiment is thus based on a
model, that is to say a mathematical formula which
indicates in what way the factors that are varied
influence the result. The strict theoretician wants
this model to be completely established before the

3) See e.g. the bibliography in Statistica neerlandica 13, 432,
1959 (No. 4). ~
“Distribution-free’” methods (also termed, less appropri-
ately, “non-parametric’® methods) are those which are not
based on the assumption that the error distribution is
necessarily normal or gaussian.
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experiment is embarked upon, and he will not allow
any modification of the model on the grounds of the
experimental results; for any such subsequent
alteration would mean that the risks inherent in the
statistical conclusion- could no longer be exactly
evaluated and would certainly be increzsed. This
the mathematician will not allow.

The implication, however, would be that statisti-
cal methods were only applicable in experiments
whose outcome was a foregone conclusion and whose
purpose was merely to establish numerically the
parameters occurring in the model. In my view the
experimenter can never accept such a standpoint.
The object of many experiments is exploratory: it is
often those experiments that yield unexpected
results that are the most valuable. If the theoretical
statistician washes his hands of such experiments as
being beyond the scope of a statistical analysis, the
experimenter for his part will have little interest in
statistics.

Another way of trying to circumvent the choice
of confidence limits is to interpret the problem
“econometrically”. It is then assumed that a
decision has always to be taken at the end of an
investigation; for example, a sampling inspection to
determine the quality of a batch of products ends in
a decision to accept the batch or to reject it. Con-
sidered statistically, there is always some risk of
taking a wrong decision, that is of rejecting a good
batch or of accepting a bad one. We can reduce these
risks, however, by taking a larger sample. Now if we
know the economic damage caused by wrong
decisions, we can weigh the risk of damage against
the costs of the inspection, and settle the size of the
sample so as to minimize the average total costs.

But this approach leads to endless complications.

-The costs which a wrong decision may entail are

difficult to determine and are subject to a high
degree of uncertainty. They depend, for instance,
very markedly on available stocks if the objects
concerned are components intended for further
production. Where stocks are plentiful, we need
have no scruples about rejecting bad or doubtful
lots, but if stocks-aremearly exhausted, the rejection
of a lot may soon force a manufacturer to stop
production for lack of material. In a short time,
then, the damage due to a wrong decision may vary
over a very wide range.

When a supplier subjects a batch of finished
products to sampling inspection, he does so partly
to ensure that his good name will not suffer from
the delivery of an inferior consignment. But the
economic value of a good name and the harm done

to it can be little more than a conjecture.
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Furthermore, we must know what happens to
rejected batches of products. They may, for example,
be returned to the supplier, or subjected to a more
thorough inspection, or sold at a reduced price, or
written off as a total loss. It also makes a difference
whether we consider the costs from the standpoint
of the customer or of the préducer, or of both
together.

Here again, the conflict between theory and
practice is clearly apparent. If 5 out of a sample of
100 products, i.e. 5%, are found defective, we can
assert with a confidence of 959, that the lot from
which the sample was taken will contain at least
1.99%, and at the most 10.7%, defective products.
This is a purely statistical assertion, which is arrived
at with the aid of an elementary table and leaves
us free to adopt whatever course of conduct we may
think reasonable. However, as soon as we attempt
to define that reasonable course of conduct more
exactly oh a mathematical basis, we are up against
not one but a multiplicity of situations, and we soon
find ourselves in a maze of theories through which
only an experienced theoretician can find his way.
These theories may be successfully-applied in specific
cases, but they lack the general usefulness and wide
compass of the confidence interval.

Between these rocks the applied statistician must
learn to navigate. His starting point should be that
the function of statistics in experimental science is
that of a servant. The experimental scientist is
guided by the stepping-stones of experience and
intuition. That,
characteristic of all research, and we have to accept
the fact that experience and intuition are vague
concepts that cannot be pinned down in mathe-
matical formulae and numerical constants.

in my opinion, is essentially

If the precise formulation of statistical theories .

is pursued too far, one is driven to express the vague
concepts of experience and intuition in terms of
exact numerical parameters. Doubtless the theories
thus produced may be interesting, but I fear they
will generally prove sterile in their application.

The applied statistician, then, is bound to accept
the experience and intuition of the experimenter as
his working basis, though at the same time preserv-
ing a critical attitude. For experience and prejudice
are often intermingled and difficult to disentangle;
and where prejudice is suspected, verification is
required.

When a statistician is consulted on the solution
of a practical problem, his first job is to find out,
from a discussion with his principal, what may be
regarded as well-founded experience and where
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preconceived opinions may have crept in. When it
comes to interpreting the observational data,
constant cooperation is called for between statisti-
cian and experimenter. If the latter is led by the .-
observations to modify his views on the nature of
the phenomena investigated, the statistician must
adapt his model accordingly. But he should be
aware of the dangers of such a procedure, and warn
against it where necessary. Practised in this way,
applied statistics. constitutes a fascinating and
valuable chapter in the development of experimen-
tal science.
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Summary. In many fields of inquiry, especially those con-
cerned with living beings, “exact’ observations are not possible
and it is necessary to investigate the effect of several factors at-
the same time. This has led to the design of experiments on
a statistical basis, in which several factors may be varied
simultaneously and which req\nre an appropriate statistical
analysis for their interpretation (R. A. Fisher). In this his
inaugural lecture as professor at the Eindhoven Technische
Hogeschool, the author advances the view that the introduction
of statistical principles is bringing about a fundamental change
in experimental science in general. Though the statistical
principles are always the same: the methods adopted depend
on the nature of the investigation. In agriculture, medicine,
sociology, industry, etc., quite different techniques may be
needed. To illustrate the statistician’s approach, the author
inquires into the average length of the words and sentences
in his own discourse and in similar discourses by others. Three

. methods for determining the average word-length are discussed

and compared. Next, the same principles are applied to
problemis of quality control of machine-made products. Though
the problems are similar, the circumstances are diﬁ'erent,
particularly in regard to conditions (e.g. variation in time),
aims and experimentation possibilities. Finally, the author
considers the marked differences between applied and theo-
retical statistics. The true value of statistical methods is that
they provide universally accepted standards for the conduction
and interpretation of investigations. It is of great value that
with statistical procedures the inevitable risk of drawing a
wrong conclusion is known. For the applied statistician,
however, only the order of magnitude of this risk is of interest,
while the mathematician requires that the risk shall be known
exactly. Experimental science proceeds on the basis of expe-
rience and intuition, vague concepts that cannot be brought
under the rules of precise mathematical formulae and constants.
The applied statistician should take this fact as his point of
departure and should not attempt to achiecve a precision which
does not correspond to the actual conditions of experimenta-
tion. Applied in this way statistics will prove to be a valuable
aid to the experimenter.
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WAVEGUIDE EQUIPMENT FOR 2 mm MICROWAVES

I. COMPONENTS

by C. W. van ES, M. GEVERS and F. C. de RONDE.

621.372.8

Microwaves of millimetre wavelengths are an important tool in plasma research and in
research on the solid state. Special equipment is therefore needed for the measurement of
frequency, phase, power, absorption and reflection coefficient in the microwave region. The
article below is part I of a survey of equipment developed at Philips for 2 mm waves. The
equipment consists partly of scaled-down versions of equipment for longer waves, and parily
of entirely new designs. Part II, to be published later, will describe various set-ups for

microwave measurements at wavelengths of 2 mm.

Microwave techniques are nowadays the subject
of considerable interest, for general scientific reasons
as well as in connection with the development of
technical applications. The main branches of science
in which microwave techniques are of importance
are plasma physics, microwave gas spectroscopy and
solid-state research.

In plasma physics, interest is focused on the electron density
and temperature of plasmas. The electron density may be
derived from the propagation characteristics of millimetre
waves which are passed through the plasma. One way of
determining the temperature is to compare the energy radiated
by the plasma in a certain millimetre wave region with that
of a radiation source of known intensity (noise generator) in
the same waveband. Such measurements are of particular
importance in eXperiments relating to nuclear fusion 2).

Microwave gas spectroscopy is concerned in particular with
the study of molecular rotational energy. In principle a micro-
wave gas spectrometer consists of a microwave generator,
a vacuum-tight waveguide filled with the gas under investiga-
tion, and a detector. The equipment measures the absorption
occurring at specific frequencies 2).

A third application is in the field of solid-state research.
When an electromagnetic wave is directed upon a solid, such
as germanium or silicon, in which a magnetostatic field is
present perpendicular to the electric field, cyclotron resonance
will occur at certain frequencies %), yielding information, e.g.,
on the charge carriers. Millimetre waves are also used in re-
search on superconductivity 4).

For investigations of this kind, suitable equipment
is needed for generating the microwaves, for propa-

1) M. A. Heald, Microwave measurements in controlled fusion
research, Nat. Conv. Rec..Inst. Radio Engrs. 6, No. 9,
14-18, 1958.

2) W. C. King and W. Gordy, One-to-two millimeter wave.

spectroscopy, Phys. Rev. 93, 407-412, 1954.

. M. Cowan and W. Gordy, Further extension of microwave
spectroscopy in the subrmlhmeter wave region, Phys. Rev.
104, 551-552, 1956.

3) C. J. Rauch, J. J. Stickler, H. J. Zeiger and G. S. Heller,
Millimeter cyclotron resonance in silicon, Phys. Rev.
Letters 4, 64-66, 1960 (No. 2).

4) M. A. Biondi and M. P. Garfunkel, Millimeter wave absorp-
tion in superconducting aluminum, Phys. Rev.116,853-867,
1959 (No. 4).

gating them and performing measurements with
them. As regards microwave generators, the Philips
4 and 2.5 mm reflex klystrons have proved very
satisfactory 5). The reflex klystron used for the
present range of equipment is the 4 mm DX 151,
the wavelength being reduced to 2 mm by means of
a frequency doubler (point-contact diode).

For propagating the 2 mm waves, waveguides
of rectangular cross-section are generally used
(0.83x1.66 mm or 0.0325"' X 0.065").

The measurements involved usually relate to
frequency, phase, power, absorption and reflection
coefficient. Components for measuring these quanti-
ties in the centimetre wave region were described in
this journal ten years ago ). Since then, comprehen-
sive series of components have been developed for
wavelengths of 3 cm, 8 mm and 4 mm. At the latter
wavelength the utmost care is needed to keep the
dimensions within the required tolerances. Even so,
it has proved possible, with the same relative
tolerances, to develop a range of components for
2 mm waves 7), the more important of which will be
reviewed in this article. Some are scaled-down
versions of comparable components for longer
waves; others differ mechanically from the familiar
designs, and three are entirely new, namely: the
PIN modulator, the variable itmpedance and the
rotary directional coupler.

All components for 4 and 2 mm waves are fitted
with claw flanges (to be discussed presently), by

5) B. B. van Iperen, Reflex klystrons for wavelengths of 4 and
2.5 mm, Philips tech. Rev. 21, 221-228, 1959/60 (No. 8).
Another method of generating millimetre waves is described
by M. Yéou-Ta, Carcinotrons du type O fonctionnant sur
une longueur d’onde de 2 mm, Onde electr 39, 789-794,
1959 (No. 391). . :

%) A. E. Pannenborg, A measuring arrangement for wave-
guides, Philips tech. Rev. 12, 15-24, 1950/51.

A. E. Pannenborg, Some aspects of waveguide techmque,
Communic. News 11, 65-75, 1950.

) We are particularly indehted to the instrument-maker

J. van Ostade for his contribution to this work.
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which

together. This construction makes for compactness

their respective waveguides are joined
and permits ready assembly and dissembly of micro-

wave systems.
Generation, detection and modulation of 2 mm waves

The generator, the frequency multiplier and the detector

As mentioned above, the 2 mm waves are gener-
ated in our equipment by doubling the frequency of
a reflex klystron, type DX 151, designed for 4 mm
waves. Mounted between the klystron and the
frequency multiplier are an isolator I and a tuner T'
(fig. I). The isolator prevents feedback from the
load to the generator, whose frequency and power
output would otherwise vary with the load. The
principle of this isolator depends on gyromagnetic
resonance ®). The tuner, combined with a shorting
plunger P,, ensures that virtually the whole power
output of the klystron reaches the frequency multi-
plier. The design of the tuners used will be described
later.

8) H. G. Beljers, Resonance isolators for millimetre waves,
Philips tech. Rev. 22, 11-15, 1960/61 (No. 1).
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The frequency multiplier consists of a point-
contact diode situated at the junction between the
4 mm waveguide I and the 2 mm waveguide 2
(fig. 2). Projecting through these two waveguides is
a tungsten catswhisker 3 which, together with a
silicon crystal 4, forms the point-contact diode. The
lower end of the catswhisker is welded to an insu-
lated pin 5. The other end is etched to a fine point.
The silicon wafer, which can be finely adjusted in
the vertical direction by a differential screw, is
brought into contact with the whisker. The part of
the catswhisker running through the two wave-
guides acts as a coupling probe. The resistance of
the diode (and also the capacitance) depends on the
applied voltage ). As a result of this non-linearity
the current induced in the coupling probe by the
incident 4 mm waves contains a component with
twice the frequency. This produces a 2 mm wave in

9) H. C. Torrey and C. A. Whitmer, Crystal rectifiers, M. 1. T.
Radiation Lab. Series, 15, McGraw-Hill, New York 1948,
in particular pages 97-107, Rectification at high frequencies.
R. S. Ohl, P. P. Budenstein and C. A. Burrus, Improved
diode for the harmonic generation of millimeter and sub-
millimeter waves, Rev. sci. Instr. 30, 765-774, 1959 (No. 9).

b
% 2885
G I T 4 Fig. 1. Block diagram (a) and
— . e photograph (b) of a set-up for
Di(\/757 1 7Eor < 1 b generating 2 mm waves. G genera-
U JP, tor of 4 mm waves (reflex klystron
a M D DX 151). I isolator. T tuner.
P,, P,, P, adjustable waveguide
a '[-' 1 plungers. M frequency multiplier.
C Ip D detector for 2 mm waves, with
) 3 millivoltmeter V. The sign a means
- Lmm ———» “rectangular waveguide’’ and the

sign b means ‘“coaxial lign”.
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Fig. 2. Cross-section of frequency multiplier. I is the 4 mm
waveguide, 2 the 2 mm waveguide. 3 catswhisker and 4 silicon
crystal, together forming a point-contact diode. 5 insulated pin
carrying the catswhisker. 6 shorting plunger in the 2 mm wave-

guide (P, in fig. 1).

the upper waveguide. Fig. 3 is a photograph of the
frequency multiplier.

To verify that the equipment is functioning
properly up to the frequency multiplier, the latter
can be used temporarily as a 4 mm-wave detector.
For this purpose a DC voltmeter (e.g. type GM 6020
electronic millivoltmeter) is connected between the
central pin 5 and earth — i.e. in parallel with the
point-contact diode. If the meter reading is satis-
factory, a crystal detector D (fig.1) is then connect-
ed to the 2 mm waveguide for the purpose of
detecting the 2 mm waves. The detector is virtually
identical with the frequency multiplier, except of

course that it has no 4 mm waveguide.

The pivoting screw tuner

The matching for the frequency multiplier and the
2 mm detector is effected by waveguide plungers
(P;, Pyand Pyin fig. 1) in conjunction with a tuner of
special design. At longer wavelengths a tuner of the
sliding screw type is ordinarily used. This consists of
a metal stub I ( fig. 4a), whose depth of penetration
into the waveguide 2 can be adjusted by turning the
be

the waveguide, in a slot, over a distance of about i‘lg

screw, and which can also moved along

(the wavelength in the waveguide, 1, is greater than

g
the corresponding wavelength 1 in free space).

The relation between 7, and 7 is given by:

111
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where . is the cut-off wavelength. (See p. 17, formula (2) of
the first article mentioned in reference ¢).) For the mode used
in the waveguide — the TEj mode — /. is equal to twice the
width a of the rectangular waveguide. For 2 = 2.00 mm and
Lo = 2a = 3.32 mm, the wavelength , is 2.51 mm.
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The depth to which the stub penetrates into the
waveguide regulates mainly the extent to which the
stub reflects the wave; displacement of the stub along
the guide varies the phase of the reflected wave.
Reflections in the equipment can thus be cancelled
by generating with the sliding screw tuner o reflec-
tion of equal magnitude but opposite phase. In this
way a travelling wave is produced.

The 2 mm-wave screw tuner is based on a new
design. The stub does not slide along the waveguide,
but turns about an axis 3 (fig. 4b), so that it describes
a pivoting motion, hence the term “pivoting screw
tuner”. In the millimetre wave region this design has
special mechanical and electrical advantages:

1) The objection to the sliding screw tuner, that the
stub may move slightly up and down as a result
of surface irregularities, is entirely avoided here;
there is less friction and adjustment is smoother.

2) The axial length of the tuner, from flange to
flange, is limited to 12 mm, as a result of which

2804

Fig. 3. The frequency multiplier. Foreground, left: connection
for the 4 mm waveguide; right, connection for the 2 mm wave-
guide. The arms on the opposite side are fitted with wave-
guide plungers. The vertical arm contains the point-contact
diode, and is surmounted by the adjusting knob. At the bottom
is the coaxial connection for the millivoltmeter. The conversion
loss is 15 to 20 dB.
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the pivoting screw tuner causes particularly little
attenuation (no more than 0.1 dB).

At first sight it might seem a drawback that, since

the stub is pivoted about the axis 3, its depth as well

as its position varies in the waveguide, implying

a 2814

1o~

Fig. 4. Schematic representation of screw tuners.

a) Sliding screw tuner. The dept of the stub I in the wave-
guide 2 can be adjusted by turning a screw, and its position
along the waveguide can be adjusted between 1” and 1”.

b) Pivoting screw tuner. Here too the stub I can be screwed
in and out, but instead of sliding lengthwise it now pivots
about spindle 3. The extreme positions are again 1" and 17,

VOLUME 22

that the amplitude of the reflected wave will also
vary slightly with the phase. This effect is so small,
however, that it gives no trouble in practice.

A photograph of the pivoting screw tuner appears

in fig. 5.

Methods of modulation

At an input power of, say, 100 mW the frequency
multiplier delivers a 2 mm output of up to 2 mW.
To detect the 2 mm wave at various points in the
equipment, where the power may be much lower
still, a highly sensitive method of measurement is
therefore required.

For this purpose, in accordance with a widely used
principle, the wave is modulated in amplitude and
a selective indicator is employed behind the detector.
The indicator consists of an amplifier tuned to the
modulation frequency (e.g. 800 c/s), a low-frequency
detector and a DC voltmeter. With a modulation
depth of 1009, the meter will then give a full scale
deflection at a microwave power of the order of
1 pW. The sensitivity can be raised still further by
the use of synchronous detection; in that case, to
keep the noise level down, the modulation frequency

should be fairly high (e.g. 8000 c/s).

2805

Fig. 5. Pivoting screw tuner for 2 mm waves. Left, the knob
for screwing the stub in and out of the waveguide; right, the
knob for altering its position (by pivoting about 3 in fig. 4b).
This component is capable of effecting a match in all cases en-
countered in practice. The attenuation is no more than 0.1 dB.

We shall now consider briefly some of the modula-
tion methods used. The most common method is to
periodically vary the repeller voltage V' of the reflex
klystron between the value for optimum oscillation
and a value at which the klystron does not oscillate.
An objection to this method is that the oscillation
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frequency also depends on V. 19); to avoid unwanted
frequency modulation one would have to give V; a
square waveform. In practice, however, it is very
difficult to make the edges sufficiently steep and to
keep V) constant enough in the oscillation interval.
Some frequency modulation therefore remains,
which can be particularly undesirable where bridge
circuits are involved.

In our case, where a frequency multiplier is used,
the modulation can be simply effected, without
frequency modulation arising, by applying a low-
frequency alternating voltage across the diode of the
frequency multiplier, in series with any biasing
voltage present. An alternating voltage of about 1 V
is quite sufficient to modulate the 2 mm wave 1009,
in amplitude.

Without a frequency multiplier, pure amplitude
modulation is possible by making use of a new device
called the PIN modulator ). This is an electrically
controlled attenuator which is inserted in the wave-
guide. It consists of a germanium wafer in which a
P region and an NN region are separated by an
I region of pure germanium, possessing extremely
low “intrinsic” conductivity. Only the I region is
contained inside the waveguide. In the normal state
it behaves like a low-loss dielectric. When, however,
a voltage is applied between the P and N regions in
the

injected into the I region, which thereby becomes

forward direction, holes and electrons are
an absorbing medium. In this way, using a control
current of 15 mA (control power approx. 10 mW),
the losses in the I region can be made so high as to
increase the attenuation by 25 dB. If an alternating
control current is used, the wave is thus modulated
in amplitude. A PIN modulator for 2 mm is illus-

trated in fig. 6.

Waveguide and claw flanges

Except in the rotary attenuator, the variable
impedance and the rotary directional coupler, where
circular waveguides are used for reasons presently to
be discussed, the waveguides in the various compo-
nents are all rectangular.

The rectangular waveguides are constructed of a
U-section, made by milling a groove in rectangular
bar stock, to which a flat cover plate is screwed or

soldered. In most cases the material used is brass;

10) See article by Van Iperen in reference °), page 224 (fig. 6
and note *)).

1) F. C. de Ronde, H. J. G. Meyer and O. W. Memelink, The
PIN modulator, an electrically controlled attenuator for
mm and sub-mm waves, Trans. Inst. Radio Engrs. on
microwave theory and techniques MTT 8, 325-327, 1960
(No. 3). See also Dutch patent application No. 229 531 of
11th July 1958.
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Fig. 6. PIN modulator for 2 mm waves. The attenuation is
adjustable from about 5 dB to about 30 dB. The modulation
frequency at which the modulation depth has dropped by
3 dB is approximately 50 ke/s.

the waveguides are gold-plated inside and out in
order to keep the surface properties constant. Silver
is used only where minimum attenuation is required.

The internal dimensions of the 2 mm waveguides
are 0.83x1.66 mm, with a tolerance of 0.01 mm.
The outside dimensions are determined solely by the
mechanical considerations applicable to the part in
question. The internal cross-section must be uniform,
otherwise a discontinuity can arise between coupled
components, giving rise to reflections. But even
when the cross-sections are uniform, reflections may
still occur if the walls of the coupled sections ”,f
waveguide are not well-aligned ( fig. 7a, b and ¢) 1?).
Such misalignment points to shortcomings of the
waveguide coupling (the flanges and the means by
which they are fixed together). An essential require-
ment of a waveguide coupling is that the walls
should be in true alignment with one another.

Other desirable properties of a waveguide coupling
are:

1) The axial length should be small in order to mini-

>
m

TE

a b C s

Fig. 7. Excessive tolerances between the flanges mutually or
of the flange with respect to the waveguide may result in
misalignment of the walls, e.g. the walls may be slightly turned
in relation to one another (case a), or displaced at right angles
to the electric field F (caseb), or displaced in the direction of E
(case c).

12) U. von Kienlin and A. Kiirzl, Reflexionen an Hohlleiter-
Flanschverbindungen, Nachr.techn. Z. 11, 561-564, 1958.




mize attenuation and frequency-dependence 13).
This applies both to the flange and to the space
between flange and component. The construction

should be

between flange and component; for this reason

such that no tools need be used
the joint should preferably be secured from a
direction perpendicular to the waveguide axis.

2) The losses should be low and also reproducible,
i.e. the losses should not be dependent on the
force applied to draw the two flanges together.
This force should preferably be applied by means
of no more than one screw. The construction
illustrated in fig. 8, where the flanges are fixed
together by four screws, is not only unpractical
but fundamentally wrong, because it is not pos-
sible to check whether the screws have all been
tightened equally.

3) The coupling should be “universal”, i.e. it should

be possible to reverse the components in the

Fig. 8. Conventional waveguide joint. The flanges are joined

by four bolts. The objections to this system are:

1) It is impossible to check whether the bolts have all been
equally tightened.

2) The waveguide section between flange and component is
necessarily relatively long, owing to the presence of the
clamping bolts.

13) The frequency range in which a rectangular waveguide
operating in the TEy mode can be used is from about 1.2
to 1.9 times the cut-off frequency fo = ¢/2a (¢ = velocity
of light, @ — width of waveguide).
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waveguide system and also to connect them in re-
versed positions about the axis of the waveguide.

A flange that meets all these requirements is the
claw flange, which is fitted to all our 2 mm compo-
nents. Fig. 9 shows two claw flanges and the
clamping ring consisting of two hinged halves, by
which the flanges are drawn tightly together by
means of a single screw perpendicular to the wave-
guide axis. The whole coupling — the two flanges
and the clamping ring — has a total length of twice
the flange thickness, namely 5 mm. As appears from
the various photographs in this article, the flanges
are fitted close up against the components, making

for a particularly compact assembly.

Description of some 2 mm. components

Some components of the microwave equipment
will now be discussed in somewhat more detail, viz.
three adjustable components, provided with dials:
the rotary attenuator, the variable impedance and
the rotary directional coupler.

The rotary attenuator

It is sometimes necessary in microwave measure-
ments to adjust the power level of the transmitted
wave. There is also often a need to introduce a
known attenuation. In both cases, use is made of a
variable attenuator. One of the oldest types is the
vane attenuator, the principle of which is illustrated
in fig. 10. An insulating plate }' (the vane), coated
with an absorbent resistive layer, is inserted in the
waveguide, to an adjustable depth, parallel to the
direction of propagation and to the electric field E.
The absorption caused by the vane is greater the
deeper the vane extends into the waveguide and the
greater its axial length [ with respect to the wave-
length. The drawback of the latter fact is that the
attenuation is partly dependent on frequency. If [ is
not large with respect to the wavelength, the
attenuation will moreover be dependent on the

standing-wave ratio in the waveguide.

Fig. 9. Left and right, sections of
waveguide with claw flanges; top
centre, the hinged clamping ring which
joins the flanges together: below, a
rubber ring. (True size.) The clamping
ring is tightened round the flanges
with a single screw, perpendicular to
the axis of the waveguide. The rubber
ring ensures an airtight seal; the air in
the whole waveguide system can then
be put under pressure to prevent the
entry of moisture.
The modulus of the reflection co-
efficient of the claw-flange coupling is
2807 smaller than 0.005.
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Fig. 10. Principle of the vane attenuator. An absorbent vane V,
parallel to the electric field E, can be inserted to a variable
depth in the waveguide through a narrow slot. The attenuation
increases with the depth of insertion, but also depends on the
ratio of the length [ of the vane to the wavelength, i.e. it is
frequency-dependent.

These drawbacks are entirely absent in the rotary
attenuator, a device invented in America during the
war by Bowen %), A further advantage of this
attenuator is that it is an absolute instrument, that
is to say the scale giving the attenuation in dB obeys
a mathematical law, and thus can be engraved at
once to the instrument without previous calibration.

A

is given in fig. I1a. The ends I and 2 are rectangular,

schematic cross-section of the rotary attenuator

1) G. C. Southworth, Principles and applications of waveguide
transmission, Van Nostrand, New York 1950, p. 374.
B. P. Hand, A precision waveguide attenuator which obeys
a mathematical law, Hewlett-Packard Journal 6, Jan. 1955.
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5-7-6 is The

transition between the rectangular and the circular

and the middle section circular.
cross-sections takes place in the regions 3 and 4. In
the circular section the centre piece 7 is rotatable
about the waveguide axis. In each of the (fixed)
regions 5 and 6, an absorbing vane (8, 9) is mounted
perpendicular to the electric field, i.e. parallel to the
long sides of the rectangular waveguide section
(fig. 11b). The central, rotatable part 7 of the wave-
guide also contains an absorbing vane, 10. This
can be rotated from a position parallel to 8 and 9
to a position perpendicular thereto; as we shall see,
the extreme positions correspond to the minimum
and maximum attenuation, respectively.

The attenuation as a function of the angle «
between the plane of the vane 10 and that of the
vanes 8 and 9 is found as follows. The electric
field E of a wave entering at I is perpendicular in
the fixed section 5 to the vane 8; the wave here
therefore passes through unattenuated. In the rotary
section 7 we resolve E into a component E sin « in
the plane of vane 10 and component E cos a per-
pendicular thereto (fig. 11¢). The component E sin «
is entirely absorbed in the vane, leaving only the
component F cos a. Finally, in the fixed section 6
the field is I cos a, whose component E cos « sin «,
in the plane of 9, is absorbed by this vane so
that only component E cos?a, perpendicular to 9,
remains (fig. 11d).

The emergent wave thus has an electrical field-

Fig. 11. a) Schematic diagram of the
rotary attenuator. I, 2 rectangular ends
for connection to rectangular waveguides.
3, 4 transitions to circular waveguide.
5, 6 fixed sections of circular wave-
guide, 7 rotary section. 8, 9 and 10 vanes.
b) Rectangular cross-section at I and 2
(long sides parallel to the vanes 8 and 9).
E electric field.

¢) The component E sin « of the electric
field of a wave entering at I is absorbed
in vane 10, leaving only the component
E cos a (« is the angle made by the plane
of 10 with that of the fixed vanes 8 and 9).
d) In section 6 the component E cos a sin a
of the remaining wave is absorbed by

Ecosasinc

d

vane 9, leaving only the component
280 E cos’a. The total attenuation is thus
cos?a, or —20 log cos’a dB.
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strength which is cos? a times that of the incident
wave. The attenuation is therefore solely a function
of the angle ¢ and amounts to —20 log cos? a dB.
Without calibration, then, a dial can be fitted whose
scale gives an absolute reading of the attenuation.

[t is important that the vanes 8, 9 and 10 should
little For this
purpose they are tapered at the ends to form

reflect as energy as possible.

trapezia and are extremely thin, consisting of
metallized slivers of mica. The thickness of the metal
coating is small compared to the skin depth,
so that the vane acts as a resistive layer which
strongly absorbs the wave. Due to the tapering of
the ends and the thinness of the vanes, the reflection
coefficient of the attenuator is less than 0.02.

The 2 mm rotary attenuator is illustrated in
fig. 12.

Fig. 12. Rotary attenuator for 2 mm waves. The attenuation,
which is independent of the frequency, can be read on a scale
covering a range from 0 dB to 50 dB. The insertion loss is
3.5 dB. The standing-wave ratio is less than 1.05.

The variable impedance

At the end of a waveguide there is generally some
reflection of energy ¢). The incident and the reflected
waves give rise to a standing wave, as a result of
which the electric field-strength in the waveguide
shows a minimum (E,,;,) at certain places and a
maximum (E,,,) at others. The standing-wave
ratio, Epay/Emin, is @ measure of the mismatch (the
extent to which the terminating impedance differs
from the characteristic impedance), and in many
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cases this is an important indication of the quality
of a microwave component.

In the centimetre range the standing-wave ratio
is measured in waveguides in the same way as in
lecher lines, that is with a standing-wave indicator.
In the millimetre wave range, however, it is difficult
to produce a standing-wave detector having the
required accuracy. Instead of the standing-wave
ratio we can measure the reflection coefficient, which
is simply related to the standing-wave ratio (see
page 18 of the first article mentioned in reference °)).
With the aid of a variable impedance, which gives
a direct reading of the reflection coefficient, this
measurement can be readily performed with a form
of bridge circuit. The bridge is balanced by making
the reflection coefficient of the variable impedance
equal to that of the unknown impedance.

The device employed here as the bridge is a
hybrid T, a schematic representation of which is
shown in fig. 13a. A wave entering the arm I
divides equally at the branching point into two
components, which enter the symmetrical arms 2
and 3. There is no direct transfer of energy from
arm [ to arm 4. Arm 2 is terminated by the unknown
impedance Z,, and arm 3 by the variable (known)
impedance Z,. The waves reflected from Z, and Z,

2820

Fig. 13. a) Schematic representation of a hybrid Tee. A wave
entering arm I divides into equal components which enter
arms 2 and 3. These waves are reflected from the impedances Z,
and Z, terminating these arms, and return partly into arm I
(not considered here) and partly into arm 4. Here the waves
cancel each other if Z, is equal in modulus and argument to Z,.
b) The short arrows represent the electric field of the wave
which is reflected from Z, and enters arm 4; the dashed arrow
denotes the direction of propagation.

¢) The same for the wave reflected from Z,. When Z, — Z,,
the two waves cancel out in arm 4.
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return to the branching point and enter arm 4. When
the modulus and the argument of Z, are made equal
to those of Z,, the electrical field-strength of the
wave reflected from Z, into arms 2 and 4 will be as
shown in fig. 13b, while that for the wave reflected
from Z; is as shown in fig. 13¢. In arm 4 the field-
strengths are equal and opposite, and the waves thus
other.
detector mounted in arm 4 will therefore give no

cancel each An indicator connected to a
deflection when the bridge is balanced, but does give
a deflection as long as Z, is not equal to Z,.

Fig. 14 shows a hybrid T for 2 mm waves. A
particularly important requirement for hybrid T’s
is that the common planes of symmetry of the
Tee 1-2-3 and of the Tee 4-2-3 exactly coincide.

The principle of the variable impedance is
illustrated in fig. 15 '). At the position of flange I
the waveguide has a rectangular cross-section; via
this

becomes a circular

a transition 2, Cross-
section 3. The latter contains two absorbing
vanes, 4 and 5, which again consist of thin
metallized slivers of mica. Vane 4 is fixed,

perpendicular to the electric field I of the incident
wave; vane 5 is mounted on a metal plunger 0,
which can be both rotated and displaced axially.
If the planes of 4 and 5 subtend an angle «, the
component E sin «, parallel to vane 5, is absorbed
by this vane; the component E cos «, perpendicular
to 5, is reflected by the plunger 6. Now E cos « has a
component I cos a sin a, which is absorbed in vane 4,
and a component I cos® ¢, which emerges from I as

1) See also F. C. de Ronde, A simple component for impedance
measurements at em and mm waves: the direct-reading
variable impedance, Communic. Congreés internat. Circuits
et antennes hyperfréquences, Paris 1957, Part I (Suppl.
Onde électr. 38, No. 376 bis), pp. 294-295, 1958.
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Fig. 14. Hybrid T fer 2 mm waves. Numbering of the arms as
in fig. 13. The decoupling between arms I and 4 is greater

than 30 dB.

a reflected wave, so that the modulus of the re-
flection coefficient is equal to cos? «. This modulus
is varied by turning the vane 5 by means of the
plunger spindle. The argument of the reflection
coefficient is varied by displacing the reflecting
surface, i.e. by moving the plunger axially, in or out.
A displacement 0l alters the phase ¢ of the reflected
wave by

op =2 X % 2m radians,

Age
where lge 18 the wavelength in the circular wave-

guide; the factor 2 is due to the fact that the wave

- _ ArgR
5 Mod R

Fig. 15. Axial sections of the variable impedance along two mutually perpendicular planes,
and end view. I flange with rectangular opening. 2 transition from rectangular to circular
cross-section. 3 circular waveguide. 4 fixed vane. 5 vane capable of being rotated and
axially displaced, fixed to plunger 6. When 5 is rotated, the modulus of the complex
reflection coefficient is changed; when 5 is displaced axially, the argument is changed.
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traverses the waveguide twice (incident and re-
flected waves).

As can be seen in fig. 16, the instrument gives
a direct reading of both modulus and argument.
The modulus scale, like the attenuation scale on the

rotary attenuator, requires no previous calibration.

2810

‘ig. 16. Variable impedance as in fig. 15, for 2 mm waves. The
nmdulu.\ and argument of the reflection coefficient can be read
from separate scales. If reflection losses are eliminated,
the absolute error in the modulus reading is less than 0.05.

The rotary directional coupler

directional coupler is a device that makes it
possible to sample either the forward or backward
wave in a waveguide, and thus to demonstrate, e.g.,
the presence of reflection. The most familiar type
contains coupling holes between the main and a
subsidiary waveguide. Its operation is illustrated in
fig. right through the

main waveguide W in fig. 17a produces no response

A wave travelling to the

in the detector mounted in the subsidiary wave-
guide W,; the detector does respond, however, to
a wave travelling in the opposite direction (fig. 17b).
in this way one can detect the presence of a reflected
wave.

A drawback of such directional couplers is that
they function only in the frequency range where the
(fixed) distance between the coupling holes is
roughly equal to llg. Instead of two large holes, it is
the usual practice for various reasons to employ
series of small coupling holes, whose spacing must be
this

difficulties in manufacture.

extremely accurate; involves considerable
A third drawback is that
None of these

apply to the new directional coupler

the coupling is not variable. dis-
advantages

which we shall now describe.
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The rotary directional coupler '%) ( fig. 18a) consists
of a circular waveguide W, (only part of which is
shown in the figure, for simplicity) which terminates
at both ends in a rectangular cross-section. The
circular part, at end I, contains a metal strip Pol,
the polarization strip, which can be regarded as
lossless. At the left end (near I), this strip is exactly
parallel with the broad faces of the waveguide, but
it can be twisted into a helical surface by means of
The

polarization strip terminates in a tapered absorption

a rotatable section of the circular waveguide.

vane V, of the type already mentioned. This vane
lies in exactly the same plane in which the polariza-
tion strip ends. Beyond the vane the circular wave-
guide contains a thin rod A4, which acts as a coupling
probe, and situated a quarter wavelength further on
is a metal plate R, which acts as a reflector (see
below). The probe and the reflector pass through
the axis of the circular waveguide and are parallel
to the broad sides of the rectangular ends. Trans-
verse slots in the polarization strip and in the
reflector prevent the occurrence of higher modes of
oscillation.

The probe couples the circular waveguide with

a rectangular subsidiary waveguide W,. To direct

D
‘—A <—/L«—-———~A- ‘
g
I—» y j
H J |
M/l ;4_4_9_’/\ y
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A 4 W
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Fig. 17. Two-hole directional coupler. The common wall of the
main waveguide W, and the subsidiary guide W, contains two
holes one-quarter wavelength apart. A4 denotes a coupling
probe, D a detector and V' a dissipative vane or wedge.

a) A part of a wave in W, travelling in the direction of the
arrow passes through the coupling holes into W,, where it
generates both backward and forward waves. The waves
denoted by the solid arrow are in phase and thus reinforce
one another, but they are absorbed by the vane V. The waves
denoted by the dashed arrows differ in path-length by 2} 2.,
so that they cancel. No current is therefore induced in the probe.
b) A wave travelling in the opposite direction in W, again
produces a wave in W, which travels in the same direction
as in W, and now induces a current in the probe.

16) Belgian patent application No. 464 685 of 16th December
1959.
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all energy in this waveguide to one end — where The reflector R ensures that the component E sin «

there is usually a detector — the other end of W,
is terminated by an adjustable plunger P.

The rotary directional coupler works as follows.
We consider first a wave entering the coupler at 1.
The electric field E is thus perpendicular to the
beginning of the polarization strip (fig. 18b). The
wave then passes along this strip, which is twisted
through an angle a. The direction of polarization

is coupled as fully as possible to the waveguide W,.
For this purpoese, R is situated a quarter wavelength
behind the probe, and consists of a vertical metal
plate, its function being to reflect vertically polarized
waves back to the probe and let horizontally
polarized waves pass through. The joint effect of the
reflector R and the plunger P is to couple the
component [ sin ¢ almost entirely to W,,.

1o

Fig. 18. a) Rotary directional coupler (schematic). W, circular waveguide terminating at
both ends in rectangular openings I and I1. Pol polarization strip which can be twisted
from 0 to 45° by a central rotatable section of the waveguide wall. }"vane. A coupling probe.
R reflector. W, subsidiary waveguide with rectangular cross-section. P movable plunger.
A wave passing from I to I1 is partly transferred to W,, the coupling being continuously
variable and independent of frequency. No energy is coupled to W, in the case of a wave
passing from I to I.

b) Electric field of a wave travelling from I to Il, at the beginning of the polarization
strip Pol, at the absorption vane V, at the probe A4 and in the opening II. The angle of
twist is a.

¢) The same for a wave from I to I: from right to left: the field at I, at A, at V, and

at the end of Pol.

thereby undergoes a rotation «, since the vector E
remains perpendicular to the lossless strip. At the
end of the strip, then, the field is unattenuated and
is at right angles to the absorption vane, so that no
energy is absorbed by the latter. Beyond the strip
the field possesses a vertical component FE sin o and
a horizontal component E cos a. The component
E sin « is coupled, via the probe, with the wave-
guide W,, whilst the component E cos a passes on
to the rectangular opening I1.

A wave entering Il in the opposite direction,
with E again perpendicular to the broad sides of
the rectangle (fig. 18¢c, right), passes the reflector,
induces no current in the probe (so that energy in
this direction is not transferred to W,) and arrives
at the absorption vane at a certain angle. The
component E sin « is absorbed by the vane, and the
component FE cos a perpendicular to the vane
reaches the twisted polarization strip, after which,
still perpendicular to the strip and unattenuated,
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it is turned back through an angle « to the position
perpendicular to the broad sides of the rectangular
guide, in which position it emerges from the

ructangular ()p(‘ning 1.
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Fig. 19. a) Illustrating the principle of a gyromagnetic res-
onance measurement. G microwave generator. Att variable
attenuator. C fixed directional coupler. O specimen (solid in
resonant cavity, in variable magnetostatic field). D detector.
V7 millivoltmeter.

The directional coupler gives a coupling of, e.g.., 3 dB in

the path from G to 0. To avoid saturating O, an extra attenua-
tion of 30 dB is introduced, bringing the total attenuation to
33 dB. Of the total reflected power P, only half enters the
detector via C.
b) The same layout, now with a rotary coupler. The required
attenuation of 33 dB in example (a) can now be produced
without a variable attenuator by adjusting the coupling from
G to O to —33 dB. The coupling from O to D is then strong
enough for almost the entire reflected power P, to enter the
detector.

The

follows.

result is thus as
a) When waves travel in
the direction from I to
11, the

Esina is

component
transferred
to W,, whilst the com-
ponent I cos a passes
through.
b) When waves travel in
the direction from I1 I
to I, no energyis trans-
ferred to W,, the com-
ponent F sin « is ab- &

sorbed and the com-
ponent E cos a passes
through.

The factor that

sates what fraction of the

indi-

field of the waves travel-
ling from I to Il is trans-
ferred to the subsidiary
waveguide is referred to

as the coupling. The power
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coupling in this case is thus sin2«a or, in deci-
bels, 10 log sin? ¢ dB. The coupling effected by the
rotary directional coupler is therefore continuously
variable and moreover solely a function of the
angle «, irrespective of the frequency. The value
of the coupling can be read from a scale. In all
other existing directional couplers the coupling
is not variable and is to some extent frequency-
dependent.

The usefulness of a continuously variable coupling may be
illustrated by an example, in this case measurements of para-
magnetic resonance in solids 7). (Such measurements are
ordinarily performed in the centimetre wave region, but this
does not detract from the advantages of a variable coupler
over a fixed type.)

The principle of the measurement is illustrated in fig. 19a.
Microwave energy from a generator G is conducted through
a directional coupler C to the sample under investigation 0,
which is contained in a resonant cavity, itself situated in a
variable magnetostatic field. Through the same directional
coupler a part of the reflected power P is transferred to the
detector D. When the magnetostatic field is varied, resonance
is observed as a sharp dip in the reflected power. The sensitivity
is optimum when the coupling is —3 dB. This value is obtained

with a hybrid T (preferably a magic T, i.e. a hybrid T
free from reflection). For this reason, and also because of its
good directivity (this term is explained below). the magic T
is often used as a directional coupler in this kind of measure-
ment.

3 dB, however,

A coupling of may give rise to saturation

17) See e.g. J. S. van Wieringen, Paramagnetic resonance
i =] (=] L= 2

Philips tech. Rev. 19, 301-313, 1957/58.

2811

Fig. 20. Rotary directional coupler for 2 mm waves. I, I1 and W, as in fig. 18a. I rotatable
ring for twisting the polarization strip; the angle of twist « is read from the scale. 2 knob
for adjusting the plunger in W,. Directivity

-25 dB, standing-wave ratio <<1.16.
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in the specimen O, that is to say the incident power is so high
that the reflected power is virtually independent of it. To
remain below the saturation region one must therefore reduce
the incident power. The most obvious method is to replace the
fixed directional coupler by one which gives a weaker coupling,
but this is cumbersome and entails stepwise regulation.
Another method is to insert a variable attenuator (4, fig. 19q)
between the generator and the directional coupler. Suppose
that the power must be attenuated by 30 dB to remain below
the saturation limit. The attenuation between the generator
and the specimen is then 33 dB (fig. 19a). This can be achieved
more simply by substituting for the attenuator and the fixed
3 dB directional coupler a variable rotary coupler adjusted to
—33 dB (fig. 19b). This dispenses with the variable attenuator.
A further advantage is that, with a weak coupling from G to 0,
the coupling from O to D is strong enough to cause virtually
all the reflected power Py to arrive in D. Where a fixed direc-
tional coupler of —3 dB is used (fig. 19a), half of P, is lost.
In fig. 19b the rotary coupler is connected as follows (cf.
fig. 18a): the generator at the free end of the subsidiary wave-
guide W,, the object at side I and the detector at side II,

For the rotary coupler it is found to be sufficient
if « is variable from 0 to 45°. Theoretically, the
coupling is then variable from —oo dB to —3 dB.
Owing to mechanical imperfections, the weakest
coupling in practice is between —30 and —40 dB.

For the same reason W, still receives a small
fraction of the energy of a wave passing through the
rotary coupler from ITto I. Thisimperfect directional

effect — found in all such devices — is expressed-

quantitatively in the directivity. This is the ratio of
the power coupled to the subsidiary waveguide as
a result of a wave from I to II, to that of an equally
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strong wave from II to I. The directivity of the
rotary coupler is thus better the tighter the coupling.

A photograph of the 2 mm rotary directional
coupler can be seen in fig. 20.

Some measuring arrangements using the com-
ponents described in the foregoing will be the subject
of Part II of this article. This will also provide an
opportunity to describe various other components
not dealt with here.

Summary. For measurements in the 2 mm wavelength region
a comprehensive range of waveguide components has been
developed, the principal of which are reviewed in this article.
The 2 mm waves are produced by using a silicon diode to
double the frequency of the 4 mm waves generated by a reflex
klystron, type DX 151. The detector used is also a silicon diode.
The matching is effected by means of waveguide plungers and
a pivoting screw tuner (a variant of the sliding screw tuner).
Use is made either of synchronous detection or of a selective
indicator, the 2 mm waves being modulated in amplitude,
e.g. by superposing an audio-frequency voltage of about 1 V
on the frequency multiplier. Without a frequency multiplier
the PIN modulator may be used, which is an electrically
controlled attendator consisting of a germanium wafer having
a P, an I and an Nregion. The waveguides are generally rec-
tangular in cross-section (0.83 X 1.66 mm, or 0.0325 ”x 0.065 ")
and gold-plated inside and out. They are joined together
by claw flanges, which allow particularly compact assem-
blies. Three components are described in some detail: the
rotary attenuator, the variable impedance and the rotary
directional coupler. The properties of these components are
entirely or largely independent of frequency. The rotary
directional coupler gives a coupling which is continuously
variable from —3 to —30 or —40 dB, and can be read from
a dial. The variable impedance is used in conjunction with
a hybrid T and gives a direct reading of the modulus and
argument of the reflection coefficient.
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X-RAY DETERMINATION OF CRYSTAL STRUCTURES

by P. B. BRAUN and A. J. van BOMMEL.

548.735

Since the fundamental work of Von Laue and Bragg (1912), X-ray diffraction analysis

has grown into an extremely important technique for studying the solid state. It has led to an

impressive series of structure determinations, including such spectacular ones as vitamin B 12,

strychnine and penicillin.

The article below deals with the principles underlying X-ray diffraction, discussing the

relation between the

structure and the diffraction patterns,

and how the one can be

derived from the other. By way of illustration, examples of structures determined in Eindhoven

are discussed, special mention being made of work on a substance from a class of magnetic

materials known as ferroxplana.

Crystals of differing structure also differ in the
way they scatter X-rays. This fact underlies a
method of identifying crystalline substances, by
means of the characteristic diffraction patterns to
which these substances give rise when irradiated
with X-rays!). (Diffraction patterns have therefore
been described as the finger prints of crystals.) Dif-
fraction patterns can moreover be used for deter-

mining the crystal structures of substances. The

Fig. 1. Model of the benzyl penicillin molecule, obtained from the “Fourier maps™ also
shown. The latter represent three projections of the molecule, the “contours’ being lines
of constant electron density, and the “peaks’ corresponding to the projections of atoms.
These Fourier maps were constructed from data obtained from X-ray diffraction patterns.

(From: E. Chain, Endeavour No. 28, Oct. 1948, p. 152.)

detailed analysis of the crystalline and molecular
structure of penicillin is one of the remarkable
results achieved in this way. As appears in fig. I,
the structure of the penicillin molecule is very
complicated, and its elucidation was therefore a
landmark in the development of X-ray analysis.
Other outstanding results in this field have been the
determinations of the structure of strychnine and
of vitamin B 12 2).

At the same time X-ray
diffraction studies can lead
to a better understanding

of those physical and

chemical properties that
are related to the crystal

structure of solids and

molecules. Structure anal-

ysis is accordingly indis-

1) See e.g. W. G. Burgers,
Philips tech. Rev. 5, 157,
1940; W. Parrish and E.
Cisney, Philipstech. Rev. 10,
157, 1948/49.

D. Crowfoot, C. W. Bunn,
B. W. Rogers-Low and
A. Turner-Jones, The chem-
istry of penicillin, Princeton
University  Press, 1949.
J. H. Robertson and C. A.
Beevers, The crystal struc-
ture of strychnine hydrogen
bromide, Acta cryst. 4,
270-275,1951. C. Bokhoven,
J.C. Schoone and J. M. Bij-
voet, The Fourier synthesis
of the crystal structure of
strychnine sulphate penta-
hydrate, Acta cryst. 4,
275-280, 1951. D. Crowfoot
Hodgkin et al., The struc-
ture of vitamin B 12, Proc.
Roy. Soc. A 242, 228-263,
1957.

[5)
~
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pensable in the study of ceramic magnetic materi-
als, such as ferroxdure and ferroxplana 3).

To understand the principles on which X-ray
structure analysis is based, it is necessary first of all
to know what information is contained in an X-ray
diffraction pattern, and how the structure of a
substance can be deduced from such a pattern. This
will be the subject of the first half of this article ¢).
The second half deals briefly with three examples
taken from researches carried out in recent years at
the Philips Research Laboratories in Eindhoven.

Electron and neutron diffraction analysis are
analogous to X-ray diffraction analysis. These
methods are all based on the same principles, but
differ in technique. They also differ to some extent
in the information they yield, so that they supple-
ment one another very usefully. An article on
neutron diffraction will appear in these pages in the
near future; the various differences from X-ray
diffraction will be further discussed there. The
examples of structure determinations given in both
articles will relate to the same substances, so that
it will be readily possible to compare the two
methods.

One final prefatory remark: X-rays are scattered
solely by electrons. This means that the data derived

3) See e.g. J. J. Went, G. W. Rathenau, E. W. Gorter and
G. W. van Oosterhout, Philips tech. Rev. 13, 194, 1951/52;
G. H. Jonker, H. P. J. Wijn and P. B. Braun, Philips tech.
Rev. 18, 145, 1956/57.
4) Details of this subject will be found in such works as:
J. M. Bijvoet, N. H. Kolkmeyer and C. H. MacGillavry,
Réntgenanalyse van kristallen, Centen, Amsterdam 1948;
H. Lipson and W. Cochran, The determination of crystal
structures, Bell, London 1953; R. W. James, The crystalline
state, Vol. II. The optical principles of the diffraction of
X-rays, Bell, London 1948; J. Bouman, Theoretical
principles of structural research by X-rays, Handbuch der
Physik, Vol. 32, 95-237, Springer, Berlin 1957. For the
techniques used for recording diffraction patterns, see e.g.
M. J. Buerger, X-ray crystallography, Wiley, New York
1942; H. P. Klug and L. E. Alexander, X-ray diffraction
procedures, Wiley, New York 1954.

cl Na

from X-ray diffraction patterns can only relate to
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these particles. To determine a crystalline structure
it is necessary to find the sites of the atoms, but this
can be done by localizing the electron clouds. We can
thus formulate the direct objective of the X-ray
analysis of crystal structure as the determination of
the spatial distribution of the electron density in a
crystal.

A useful way of describing the electron density in
a crystal

It is characteristic of a crystal that it possesses
three-dimensional periodicity. This means that it is
possible to choose a volume element, by the regular
stacking of which the whole crystal can be built up.
The smallest volume element with which this can
be done is called the unit cell. '

The three-dimensional periodicity is, of course,
shared by the electron density.

Now a periodic function having a period d can
always be resolved into a series of sine waves whose
periods are d, d[2, d[3, etc. The process by which a
function is resolved into these components is called
Fourier analysis, whilst the building-up of a function
from these components is referred to as Fourier
synthests.

In view of its periodicity, the electron density in a
crystal can also be resolved into Fourier components.
These constitute a collection of plane .stationary
waves having different chrectlons All the waves
having any one direction’ comprise a set having
wavelengths which are sub-multiples of the periodic-
ity d in that direction. The Fourier components are
referred to here as density waves or density compo-
nents (see figs. 2 and 3).

The electron density may thus be expressed as
follows:

+29 Zni(h ekl lz)
o(x, y, z) = Z Z Z Apxre . (1)
h k 1
-0
a

Fig. 2. The thick upper curve is ob-
tained by adding together the lower
series of cosine waves (4g, A,, 4, ete.)
whose wavelengths are all integral
sub-multiples of d. The thick curve
represénts the electron density (p.)
between the octahedral planes of rock-
salt, while Ay, 4,, 4,, etc. are the
amplitudes of the Fourier components

of this curve, referred to here as
“density waves”. z is the direction

through the crystal (viz. normal to

the octahedral planes), d the lattice

;  spacing in that direction.
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Fig. 3. Schematic representation of various density waves, in
which the electron density is depicted by the geometrical
amplitude. Two of the waves shown have the same direction,
their wavelengths being in the ratio 1 : 2; the two other waves
shown have different directions. To find the electron density
distribution in a crystal, a number of such waves must be
added together.

The term on the left is the electron density as a
function of the coordinates x, y and z. The terms on
the right constitute the corresponding electron
density waves. The wavelength and direction of
each wave are expressed, with the aid of the
integers h, k and [, in terms of the longest repetition
distances a, b and ¢ of three waves whose directions
do not lie in one plane 3). Apy; is a complex quantity
whose modulus and argument indicate the ampli-
tude and phase, respectively, of the relevant density
wave.

The volume of the parallelepiped whose edges are
a, b and ¢ will generally be taken as small as possible;
in this way we thus arrive at the above-mentioned

unit cell.

5) In the text books quoted the symbols h, k and [ are given
the meaning of indices of lattice planes. In a brief discussion
of the principles of structural analysis, this is neither
necessary nor desirable. No mention will therefore be made
of lattice planes in this article, and the Bragg law will
accordingly appear in a somewhat modified form.
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Sometimes to bring out the symmetry of the crystal, a unit
cell is adopted that is an integral number of times larger than

the smallest possible. In that case the quantity Apj; in

formula (1) corresponding to given combinations of h, k and

L is reduced to zero (a case of general extinctions).

We shall now show that the electron density
waves can be deduced directly from diffraction
patterns. We shall consider the simplest conceivable
case, in which the electron density may be described
in terms of a single density wave (this is never so in
reality), and show what the form of the diffraction
pattern is in that case. We shall then do the same
for an electron distribution consisting of a number

of density waves, as found in an actual crystal.

Diffraction by electron density waves

The question in what directions a single density
wave scatters is answered most easily if we consider
the effect of successive “cross-sectional layers™ of
the density wave, as depicted in fig. 4. Each of these
layers acts as a kind of mirror. The scattered radia-
tion is thus to be soughtin the direction correspond-
ing to simple reflection from these layers.

In general, the total yield in reflected radiation
from all layers is zero. A perceptible reflection occurs
only under the condition that the angle of incidence

() satisfies the relation:
2dsin @ =7, ¢« « v » « = (2)

where 7 is the wavelength of the radiation and d the
wavelength of the density wave. In that case the
amplitude of the reflected waves has a value pro-

portional to the amplitude of the density wave.

Fig. 4. Representation of a density wave with an X-ray beam
incident upon it. The variation of the electron density in the
wave is indicated by the shading. On the right, three “layers’
of the density wave are represented, each of which acts as a
reflector for X-rays. Rays reflected from the various layers
interfere with one another and cause, in general, extinction,
except at one specific angle of incidence, where a reflection
of finite intensity occurs.
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These two relations, concerning the angle and the
amplitude of reflections, are the foundations of the
X-ray analysis of crystal structures. They show that
a reflection provides information on no less than
three properties of a density wave, viz. the ampli-
tude, the wavelength and the direction. The inten-
sity of the reflection is a measure of the amplitude
of the density wave. Given the wavelength of the
radiation, we can calculate the wavelength of the
density wave from the angle of reflection. Thirdly
- the position of the crystal together with the direction
and angle of the reflection determines the direction
of the density wave. ¢

The above can easily be demonstrated vectorially with the
aid of fig. 5.

The difference in path length of the rays drawn in fig. 5 is
equal to the component of the vector r along S minus the
- component of r along S;, or:

r-(5—8y).
The corresponding phase difference is:
2z x - (S—Sy)
—

The total amplitude F' of the radiation, caused by the
scattering volume, is obtained by adding together the contri-
butions from all volume elements dV, each having an electron
density o(r), and taking the mutual phase differences into
account:

r o -r-(8-8;) .
F= /Q(r)e Zmi—o—
14

Regarding the scattering body as an electron density wave,
we can write for g(r):
.TZ
2ni

ory=de 4, )

where z is the unit vector indicating the direction of the density
wave, and 4 and d represent the amplitude and the wavelength,
respectively. Using (4), the expression (3) becomes:

' z 5—8§,
d A

) av. (5)

Only when the exponent is zero will this integral have a value
that is significantly different from zero.

2585

Fig. 5. Determination of the reflection condition for a density
wave. S, and S are unit vectors denoting respectively the
directions of incidence and scattering of an X-ray beam, two
rays of which are shown. r is the vectorial distance between
two scattering points, d¥ is a volume element of the total
volume ¥, and O is the semi-angle of reflection.
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This gives us the condition for reflection:

z_ §-—8§,

A
This means:
a) The two vectors (S— S;) and z must have the same direction,
i.e. the directions of incidence (Sy) and reflection (S) lie with =z
in one plane and make the same angle with z. In other words,
the layers into which we have divided the density wave act as
reflectors.
b) The magnitudes of the vectors must be equal. Since
|S— So| = 2 sin O (see fig. 5), 1/d = 2 sin @/L or 2d sin O = A.
These conditions being fulfilled, the integral gives:

F=VvV4, .....

(6)
i.e. the amplitude of the reflected ray is proportional to the
amplitude of the electron density wave considered ).

We have seen that the electron density in a crystal
can be described in terms of a group of density
waves. Each such wave, independent of the other
waves, is capable of “reflecting’ in the manner
discussed. A further point of importance is that each
reflection can generally be intercepted separately
from the other reflections. (Since no two waves are
identical in direction as well as wavelength, they all
“reflect” under different conditions.) This makes it
possible to derive from each density wave the in-
formation present in its reflection.

To obtain this information it is convenient to use
various different ways of irradiating the crystal(s).
Weissenberg patterns are particularly valuable in
structural analysis, but Laue and Debye-Scherrer
patterns and rotation photographs are also often
useful for this purpose (see fig. 6). The reflections
may be recorded photographically or they may be
measured with the aid of Geiger counters, propor-
tional counters or scintillation counters 7).

The underlying principle of structure analysis

Summarizing the foregoing, the principles of the
X-ray determination of crystal structures may be
expressed as follows.

The electron density in a crystal can be described
as the sum of a number of Fourier components. Each

%) In the derivation given here we have assumed that a ray,
once reflected, leaves the crystal without again being
reflected. The so-called “dynamic theory’’, which takes
account of multiple reflections, produces slightly different
results from the “kinematic theory’® used here. The latter
theory proves to be adequate for most crystals in practice,
but corrections may sometimes be called for (extinction
corrections). The situation is different where perfect crystals
with no defects are concerned. In their case “dynamic”
effects are very important. See e.g. L. P. Hunter, Anoma-
lous transmisston of X-rays by single crystal-gérimarium,
Proc. Kon. Ned. Akad. Wet. B 61, 214-219, 1958.

) Seee.g. W. Parrish, E. A. Hamacher and XK. Lowitzsch, The
“Norelco™ X-ray diffractometer, Philips tech. Rev. 16,
123-133, 1954/55; P. H. Dowling, C. F. Hendee, T. R.
Kohler and W. Parrish, Counters for X-ray analysis, Philips
tech. Rev. 18, 262-275, 1956/57.
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Fig. 6. Various types of X-ray diffraction patterns.

a) Debye-Scherrer pattern, produced by monochromatic
irradiation of a powder consisting of differently oriented
crystallites. These patterns are widely used for identifying
crystalline substances and for determining the size of the unit
cell.

b) Rotation photograph, obtained by monochromatic irradia-
tion of a rotating single crystal. It can be seen that the reflec-
tions form straight lines (layer lines), from the spacing of which
the lattice parameter in the direction of the rotation axis can
be calculated. The size of the unit cell of a crystal is often
determined from three such patterns, the crystal being rotated
about the three crystallographic axes.

¢) Laue pattern obtained by polychromatic irradiation of a
stationary single crystal. These patterns bring out very clearly
the symmetry of crystals: in the present case the symmetry is
hexagonal.

d) Weissenberg pattern, produced by monochromatic irradia-
tion of a rotating single crystal, the camera being moved
parallel to the axis of rotation. A screen ensures that only those
reflections appear on the film that would form a single layer
line in a rotation photograph (see b). The spots on a Weissen-
berg pattern thus correspond to the spots of a single layer line
in a rotation photograph, the difference being, however, that
the spots are here spread all over the film as a result of the
displacement of the camera perpendicular to the direction of
a layer line. This dispersion is in itself an advantage, in that
reflections that produce overlapping spots on a rotation photo-
graph can be separately identified on a Weissenberg pattern.
More important, however, is that the positions of the reflections
in a Weissenberg pattern depend not only on the deviation of
the X-ray beam but also on the angle through which the crystal
has had to turn in order to arrive at a reflection position (the
:amera being translated synchronously with the crystal
rotation). The coordinates of a reflection in a Weissenberg
pattern therefore provide information on the direction of the
corresponding density wave, as well as on its wavelength. This
information is difficult or impossible to obtain from patterns
produced on a stationary film. Considering further that the
amplitudes of the density waves can be calculated from the
intensities of the reflections, it is evident that Weissenberg
patterns are a particularly valuable aid to structure analysis.

wie
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density component gives rise to an X-ray reflection
wlhich provides information on the amplitude, wave-
length and direction of that particular component.
From -all the reflections from a crystal we have a

(virtually) complete picture of all the electron

density components, and hence in principle of the
electron distribution in a crystal. The determination
of this electron distribution — and with it the
structure of the crystal — amounts to carrying out
a Fourier synthesis, i.e. adding all components
of the Fourier series to yield the required electron
distribution function. It should be noted that the
synthesis involved is three-dimensional, and is
therefore extraordinarily complicated. A common
practice is therefore to carry out one-dimensional
and two-dimensional Fourier syntheses, which pro-
-duce projections of the structure (projections on a
line and on a plane, respectively). From two or three
such projections it is possible to deduce the spatial
‘configuration of the atoms. (This is well brought out
in fig. 1.)

The phase problem

However close the solution may now seem, there is
still a lot to be done before we can determine the
structure of a crystal from the summing of the
density components. Although at first sight it might
seem that a mere addition is called for, closer
examination shows that one quantity is still missing.
This brings us up against an obstacle briefly referred
to as the “phase problem”. Overcoming this obstacle
often costs the crystallographer most of the time he
spends on analysing the structure of a crystal.

To carry out the Fourier summation correctly we
must know, apart from the amplitude, wavelength
and direction of the constituent waves, the phase of
the waves, which is given by the argument of Apy
in equation (1). This is demonstrated in fig. 7.

Unfortunately, the phase of the density compo-
ments cannot be observed; unlike the amplitude,
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wavelength and direction, it cannot be deduced from
the reflections. The intensity of a reflected ray is a
measure of the amplitude of the corresponding
density wave, but tells us nothing about its p'hase.

It is for this reason that the diffraction pattern of
a crystal cannot be directly interpreted to give a
pattern of the electron density in a crystal. Not until
the phases have been determined, by the methods
about to be discussed, is it possible to carry out the
superposition of Fourier components and so produce
the required picture of the electron clouds which
show the arrangement of the atoms or molecules in
a crystal.

Phase determination

Just as knowledge of the phases of the reflections
found by experiment would enable us to solve the
structure of a crystal, it is possible conversely to
calculate the phases from a known structure. This
implies a possible method of solving the phase
problem, for if we can produce a model representing
a reasonable approximation of the true structure,
the phases of the strongest reflections can often be
determined with a fair degree of accuracy. These
data are then used for carrying out a (provisional)
Fourier synthesis. Although the picture obtained in
this. way is usually very rough, it often leads to a
better approximation to the actual structiire than
the original model. With this improved approxima-
tion, better calculation of the phases can be made,
and so on. In this procedure, phase calculation
alternates with Fourier synthesis, thus producing
step by step an increasingly more accurate picture
of the electron density in the crystal.

The question now is how to arrive at an initial
model to start the above procedure. The search for
a suitable model leads along well-trodden paths,
each attempt requiring from the investigator
considerable crystallographic experience, deductive
ability and intuition. For each attempt we have to

Fig. 7. Result of a Fourier
synthesis, dohe with the same

Fourier components as in fig. 2,
but with the component A,
having a different phase. The
result is entirely different from
the density distribution ob-
tained in fig. 2.
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ask the question: what is known of the crystal under
investigation, apart from the X-ray data, which can
help us to make a provisional guess at the structure ?

In the first place the constituent atoms of a crystal
are usually known from chemical analysis. The
scattering contribution of each atom (“atomic
structure factor”) has been calculated for all
elements and these are published in tables. We can
also measure the density of crystals and calculate
the number of atoms contained per unit volume. For
our purposes it is particularly interesting to know
the number of atoms contained in the unit cell, since
the dimensions of this cell can be derived from the
diffraction pattern. Having ascertained the number

of atoms of each kind contained in this volume of -

known dimensions, it remains to find the spatial
arrangement of the atoms.

Obviously, only those arrangements will be
considered that agree with the properties of the
crystal (chemical, optical, magnetic, morphological
and particularly the symmetry properties). Taking
these data into account, many possibilities can be
eliminated, but it is hardly ever possible to reduce
the remaining possible structures to one. Neverthe-
less, if only a few models are left after this elimina-
tion, it is now usually a practicable proposition to
try each of them in turn. This is referred to simply
as the “trial and error” method.

Knowledge of the interatomic distances can be of
great help in the construction of a model. This
knowledge is useful in the process of elimination
described, and is sometimes decisive for the success
of the analysis.

Information on the distances (magnitude and
direction) between the atoms in a crystal (but not
the sites of the atoms) can be obtained by Patter-
son’s method. This is based on the dependence of the
intensities of the reflections on the interatomic
distances. The method consists in carrying out a
so-called Patterson synthesis, which is a Fourier
synthesis in which the components to be summed
are simply the reflection intensities. This can be done
without the phases of the reflections being known.

To show that something can indeed be learnt about inter-

atomic distances from the reflection intensities, we shall first
write formula (1) in a simpler notation:

Q(r)=ZAu SgriHer @
H

where r is the vector from the origin to the point x, y, z and
H-r represents kb -;f + k% —+ l;j.

From this equation we shall now derive another in which
the intensities occur. In this connection the following points
should be noted: ¢) Ag is in general a complex quantity;
b) the square of the modulus of this quantity, |Ag |® or 4g4g,

PHILIPS TECHNICAL REVIEW

VOLUME 22

where * denotes the complex conj.ugate of Ay, is related, from
eq.(6), to the intensity Iy (ecc FF*) of the corresponding
reflection by: .

An4f1=V=. e e e e . (8)

Of course, eq. (7) is also valid when Ay is replaced by its
complex conjugate. Moreover, the equation also remains valid
when the independent variable r is replaced by r—u, where u is
any arbitrary vector. (By this device, as will be shown, we
introduce the interatomic distance u.) We may thus write:

Q*(r—u)=ZAf1 2wl () gy
H

Multiplication of (7) and (9), distinguishing the vectors H in
(7) and (9) by H and H, gives:

o(x)o*(x-u) = Z Z Ag Afy ZiHm 2mi(H —~H) x

. T N ¢ 1)
We shall henceforth omit the * sign in p*(r-u), since this
quantity is real and thus identical to its complex conjugate.
Integrating both sides over the whole volume of the unit cell
gives:

[ ewrete-w v = »
- Z Z An Ay 2 '"_/ 2REE=HE) T g0 )
H H
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The integral on the right is always zero, except when H = H’,
in which case the integral is equal to V. Using (8) we may .

_thus write for (11):

f Q(r)g(r—u)dV(r):%Z Ig il g
Vv H

The right-hand side represents a Fourier summation, per-
formed with intensities instead of amplitudes; compare (12)
with (7). The significance of this Patterson function, as it is
called, appears from the left-hand side: it is a volume integral
of the product of two electron densities at places lying at
vector distances of u apart. This implies that the integral in
question will assume high values when w is a distance between
peaks in electron density, i.e. when u is an interatomic distance
really present in the crystal. By performing a Fourier synthesis,
using the intensities of the reflections as Fourier coefficients,
we thus obtain a function whose maxima provide indications
of the atomic distances.

The clues to interatomic distances obtained by the
Patterson method are sometimes so clear that they
reveal the whole structure; sometimes they throw
light only on certain details of the structure. Much
depends on the ingenuity of the researcher’s inter-
pretation of the Patterson synthesis. However this
may be, information is always present, which can
help in the construction of the model.

We should mention finally that other methods
exist which lead directly, i.e. not via models, to the
phase constants required. One such is the “method
of inequalities”, which is based on the fact that the
electron density in a crystal can nowhere be negative,
and another is the “statistical method”, where use
is made of knowledge concerning the constituent
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atoms of the crystal. Particulars of these methods
will be found in the treatise by Bouman, mentioned
in footnote 4).

These, then, are the broad lines of structure
determination. We shall now say something about
the “strategy”.

We have seen that each reflection corresponds to
a density component, providing information on its
amplitude, wavelength and direction, and that to
determine the phases a provisional model is devised.
Now every incorrect model is shown to be wrong
only after a timeconsuming procedure. The less
probable models should therefore be avoided as far
as possible. The time can better be used to look far
a more reasonable model; again, the search for such
a-“good” model should not take too long. An
important aspect of structure analysis is thus the
art of finding, with the available data, the shortest
way to this “good” model. Since the data involved
‘are different in every case, one should always be
prepared for other possibilities and difficulties, and
be ready to try one way after another. The question
often arises later whether one should persist with
a choice once made, when the work based on the
model adopted does not lead directly to results. In
this way, experimenting and doubting, the crystallog-
rapher may be busy for months before he sees the
first signs of success, indicating that he may at last
start on the actual determination of the structure.
This element of uncertainty imparts to structure
determinations the interest and excitement of
adventure. -

Examples

Having sketched the broad outlines of the X-ray
analysis of crystal structure, we shall now give a
more detailed description of three cases, the first two
being quite simple and making only partial use of
the above procedures, and the third relating to a
complicated structure, which necessitated a broader
approach.

Analysis of the compound Aly g Mn,

It was known as early as 1900 that various alloys
of manganese are ferromagnetic, even though
manganese itself is not ferromagnetic (Heusler
alloys 8)). The compound Aly ¢,Mn, ,, having turned

8) F. Heusler, Uber Manganbronze und iiber die Synthese
magnetisierbarer Legierungen aus unmagnetischen Metal-
len, Z. angew. Chem. 17, 260-264, 1904.
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out to be a material suitable for permanent magnets,
a study ‘was made of the relation between the
magnetic saturation and the structure of this
substance.

The analysis of this structure went very smoothly.
The Debye-Scherrer diagram showed the (tetra-
gonal) unit cell to be very small, which indicated
that there were not many different possibilities as to
the atomic positions. It further appeared from the
density and the chemical formula that the unit cell
could in fact contain no more than two atoms.

. Finally, the symmetry found left no other choice but

to place the atoms at the corners and at the centre.

It is very rare that the atomic sites can be deter-
mined with such accuracy at such an early stage of
an analysis. Usually, it may be recalled, only the
approximate positions of the atoms would be known
at this stage, and on the basis of this rough model
one would try by Fourier syntheses to obtain a more
accurate picture of the structure. In this case.that
was not necessary because the symmetry had al-
ready pointed the way to the precise positions for
the atoms.

This would have concluded the structural analysis
had it not been that the non-stoichiometric formula
Al geMn, ;; showed that the aluminium and man-
ganese atoms could not possibly occur in a com-
pletely regular arrangement in the crystal: If, for
example, all aluminium atoms were situated at the
corners and all manganese atoms in the centres, the
formula would be AlMn exactly. This suggested that
the atoms were not so strongly bound to their own
position in the cell, in other words that aluminium
atoms might well occupy some of the sites of
manganese atoms, and vice versa (the latter case
prevailing).

In such cases we want to know the ratios in which
the various kinds of atoms occur at the various sites.
This information, too, can be deduced from the
intensities of the reflections. If in this case we cal-
culate the reflection intensities on the basis of a unit
cell that is everywhere identical — containing for
example one manganese atom at site A (corner) and
one aluminium atom at site B (centre) — the results
obtained will differ from the observed values. The
effect on the intensities of the random atomic
distribution described is as if each lattice site
contained not one single particular atom but
fractions of different atoms. These fractions on one
site must, of course, together add up to.one; and if
we add the fractions of the same atoms in their
different positions, the sum must obviously be in
agreement with the chemical formula. In our case
we can therefore write:
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Site A Site B
Aluminium r 089 — r
Manganese l1—r 011 + r,

where r is the fraction of the number of A sites
occupied by aluminium atoms.

We now-calculate the reflection intensities for
various values of r, and find the value of r that best
agrees with the observed intensities. In our case this
value was 0.03.

Finally, there was the crucial question whether
this structure indeed corresponded to the magnetic
properties of the substance. It was found, for
example, that the magnetic saturation decreased
when the substance was subjected to mechanical
deformation. An X-ray investigation of this phe-
nomenon revealed that r increases under these
conditions to 0.13.

This meant that the drop in magnetic saturation
must be accompanied by an increase in the number
of manganese atoms on the “wrong” B sites (only
the manganese atoms are considered, since they
alone possess a magnetic moment). The conclusion
was drawn that the magnetic moment of the man-
ganese atoms on the B sites must be opposite in
orientation to that of the manganese atoms on the
A sites. )

We shall not go further into this subject, but it
may be mentioned that neutron diffraction analysis
has confirmed this conclusion, making it possible to
relate the magnetic saturation quantitatively with
the above picture of the structure.
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Analysis of the compound ThyAl

In the course of research on thorium-aluminium
compounds, which are important for their gettering
properties, the structure of Th,Al was analysed 9).
This is an example of a fairly simple “trial and errox”
analysis, calling for no Fourier syntheses.

In this case the unit cell (again with tetragonal
symmetry) contained four aluminium and eight
thorium atoms. On grounds of crystal symmetry,
the aluminium atoms could immediately be assigned
to special positions in the cell, as was done for all
atoms in the first example. It was not immediately
clear where the eight thorium atoms should be
located. The task of determining the 24 coordinates
of these atoms was fortunately simplified by the fact
that the symmetry severely limited the nimber of
possibilities, inasmuch as a choice of one coordinate
established the other 23.

The procedure thereafter was as follows. Various
values of this coordinate were chosen, the reflection
intensities were calculated with the models produced
and the results were compared with the observed
intensities. In this way the structure was determined
by trial and error.

Here, too, the structure found threw light on to
the other properties of the substance. The structure
contains fairly large tetrahedral interstices (see
fig. 8a and b). These interstices may be supposed to

9) See also P. B. Braun and J. H. N. van Vught, Acta cryst. 8,
246, 1955.

2895

Fig. 8. The unit crystal cell of ThyAl, a substance with gettering properties. The thorium
atoms form tetrahedrons, a number of which are shown. Absorbed gas atoms or ions take
up positions in the interstices of these tetrahedrons. a) Projected positions of the atoms
looking along the ¢ axis (5.86 A). The levels of the various atoms (z) are given in fractions
of the ¢ axis. The x and y directions are those of the a and b axes, respectively (both 7.62 A).
b) Perspective view of unit cell, showing atomic positions. The %, y and z directions are

again the a, b and ¢ axes.
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have some connection with the gettering properties
of the substance. This supposition was later con-
firmed by nuclear magnetic resonance measure-
ments %) and by neutron diffraction analysis, from
which it was possible to demonstrate the presence
of gas atoms or ions in:these interstices.

Analysis of the compound Y-Ba,Zn,Fe ,7110,,

As our last example we shall take the analysis of

a highly complex structure. Y-Ba,Zn,Fe,,/10,, is a
substance from the class of ceramic magnetic
materials which have been given the collective name
“ferroxplana” 11). These materials, whose properties
resemble those of the familiar ferroxcube materials,
can be used up to even higher frequencies than the
latter (>100 Mc/s).
.. The fact that the unit cell in this case contains
114 atoms, viz. 6 barium, 36 iron, 6 zinc and 66 oxy-
gen atoms, makes it evident that this analysis was
a great deal more difficult than the two described
above. The following outline of the analysis will give
a good general picture of how such a complicated
structure can be tackled.

One could not start on such a structure if it were
not for the knowledge gained of simpler related
structures. In this case, for example, we assumed
that parts of the structure must resemble. the
structure of spinel 1?).

With the aid of Debye‘Scherrer patterns, Laue
patterns and rotation photographs (the first ob-
tained with an X-ray diffractometer) it was found
that the crystal is hexagonal and that the unit cell
has one very long edge (c axis, 43.6 A) and two short
edges (a and b axes, 5.9 A).

Our first object was to find the position of the
heaviest atoms, barium, iron and =zinc. These
contribute most to the scattering and therefore
dominate the intensity pattern of the reflections.
For this reason the position of such atoms must be
--gceurately known. Only then is there any sense in
looking for the sites of the lighter atoms. At this
stage, however, no distinction could be made
between iron and zinc atoms, the difference in their
scattering power being relatively small.

It was assumed, from analogies and other indica-
tions, that the structure concerned would be one of
layers perpendicular to the hexagonal axis, con-

10) See D. J. Kroon, Nuclear magnetic resonance, Philips tech.
Rev. 21, 286-299, 1959/60 (No. 10), in particular page 297.

11) See P. B. Braun, The crystal structures of a new group of
ferromagnetic compounds, Philips Res. Repts. 12, 491-548,
1957, and G. H. Jonker, H. P. J. Wijn and P. B. Braun,
Philips tech. Rev. 18, 145-154, 1956/57.

12) Cf. E. J. W. Verwey, P. W. Haal_]man andE L. Heilmann,
Philips tech. Rev. 9, 185, 1947/48.
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sisting mainly of closely packed oxygen and barium
atoms, most of the other atoms being in the inter-
stices. First of all we tried to establish in which
layers the barium atoms occurred. To do this it was
sufficient to investigate a one-dimensional projection
of the unit cell perpendicular to the hexagonal axis.
The projection of the structure on to a plane was
determined at a later stage, and finally the three-
dimensional structure.

—>»Ry
Fig. 9. Patterson plot of a one-dimensional Patterson synthesis
P(w) carried out with reflections from Y-Ba,Zn,Fe,,7110,,. The
w direction is that of the ¢ axis. The various peaks provide
information on the projections of the interatomic distances on

2589

the ¢ axis. The peak at 3.2 A indicated a projected spacing of
that amount between barium atoms. This indication made it
possible to build the first, provisional model.

A one-dimensional Patterson synthesis provided
information on the projected distances between the
atoms along the hexagonal axis (fig. 9). The large
peak at 3.2 A was taken as an indication of the
projected spacing between the heavy barium atoms,
|| to the ¢ axis. Knowledge of this spacing (however
inaccurate due to the width of the peak) decided the
choice between a number of models already drawn
up on the basis of analogies. With the model thus
obtained we set out to calculate the phases of the
reflections.

This model represented, of course, a very rough
structure, devoid of detail: all the light atoms and
even part of the iron or zinc atoms had been dis-
regarded. What is more, it was still only a projection.
Using this incomplete model we determined the
phases of 15 reflections and then carried out a
Fourier synthesis. The resultant picture contained,
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as we had hoped, numerous indications regarding
the possible situations of the other atoms. This
enabled us to venture on to new models, which
were successively supplemented with more of the
iron atoms still unused. When devising these models
wemaderepeated checks with the Patterson synthesis
(as we did on several occasions later) to ensure that
the models chosen were not in conflict with the
Patterson plot.

The model containing all the iron atoms was a
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us to distinguish between the iron and the zinc atoms
and to find sites for the light oxygen atoms. We had
the impression that this was because one of the iron
atoms was not yet on its proper site. By analogy
with the structures of other similar materials, we
had allocated it a position in the same plane as the
barium atoms. Various other positions were tried,
at first with little success. Finally it was found that
the answer was to place this iron atom just outside
the plane containing the barium atoms. After this

good step forward, but still not sufficient to allow it was a fairly straightforward procedure to complete
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Fig. 10. Result of a one-dimensional Fourier synthesis, obtained from the reflections from Y-Ba,Zn,Fe;,110,,. The curve represents
the variation of electron density (in electrons per ingstrém) in one sixth of the unit cell projected on to the ¢ axis (z direction).
The positions of the various projected atoms are denoted by their chemical symbols. This concluded the first stage of the analysis,
in which only the projection on the ¢ axis was considered. In order to reach this result, however, it was necessary to make many
trials to determine the location of the iron (or zinc) atom, the peak of which is just perceptible beside the large peak for the
barium atom. The next stage in the investigation is illustrated by fig. 11.

Fig. 11. Map of a two-dimensional Fourier synthesis, obtained from the reflections from Y-Ba,Zn,Fe;,’™'0,,. The content of one
sixth of the unit cell is projected on to a plane. The contours shown represent lines of equal electron density. The “peaks’ indicate
the presence of atoms, denoted by their chemical symbols. The small peaks in the map are due to unavoidable experimental
errors. The crosses are centres of symmetry. The z direction represents the ¢ axis. The relation of the map to the projection of
fig. 10 is seen directly simply by projecting the atoms on to the c¢ axis. (It is only necessary to determine the one-sixth of the
unit cell shown, because the rest of the unit cell can be obtained by inversion operations with respect to the centres of symmetry.)
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the structure determination and extend it into two
and three dimensions, thereby localizing the zinc
and oxygen atoms. It is interesting to note that the
zinc atoms and some of the iron atoms were found
to compete for the same sites (exactly as in the case

DETERMINATION OF CRYSTAL STRUCTURES

of the
Al goMny ;7). In this way, then, the final structure

atoms In

manganese and aluminium

was arrived at step by step. Figures 10, 11 and 12
mark the three most important steps of the deter-

mination.

The

Fourier synthesis (projection on the

result of a one-dimensional

¢ axis), carried out after all the
required phases had been calculated,
is shown in fig. 10. Note the small
peak beside the large peak of the
barium atom: this is the iron atom

that trouble. A

two-dimensional synthesis

caused so much

Fourier
— obtained analogously with the aid
of two-dimensional models and the
phases calculated on the basis of these
models — gives the electron density
of the structure projected on to a plane
(fig. 11). (Projection of the peaksin this
figure on to the ¢ axis again produces
the
fig. 10.) Finally, fig. 12 illustrates the

three-dimensional

one-dimensional projection of

structure found.
Looking along the a axis we can
recognize, between z =0 and z = ¢/0,
the projection given in fig. 11.
Attention may be called to some
of the more important features of
the structure thus determined. The
iron atoms are located in octahedral
interstices (atom C in fig. 12) or in
tetrahedral interstices (atom B in

fig. 12). Some of the tetrahedral

Fig. 12. Three-dimensional model of part of
the unit cell of Y-Ba,Zn,Fe;,/"0,,. The
coloured spheres indicate the positions of the
various atoms: green — barium atoms, red —
iron atoms in octahedral interstices, blue —
iron or zinc atoms in tetrahedral interstices,
yellow — oxygen atoms. The long ¢ axis runs
in the vertical (z) direction. A projection of
the cell between z = 0 and z ¢/6 looking
along the a axis (x direction) produces the
map of fig. 11. In this three-dimensional
representation it is possible to distinguish
layers consisting of close-packed oxygen and
barium atoms. The iron or zinc atoms are
contained in certain of the oxygen interstices.
Other important features of the structure are
the presence of centres of symmetry (shown
only at A, but others shown by x in fig. 11)
and of three 3-fold axes parallel with the
¢ axis (not indicated). S denotes a block
possessing the same structure as spinel. The
fact that the interstices may be surrounded
by either four or six oxygen atoms (tetra-
hedral or octahedral interstices) is clearly to
be seen at B and C, respectively. Bis also the
iron (or zinc) atom which, as mentioned in
the text, caused such trouble.
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interstices are occupied by zinc atoms instead of
iron atoms. Further, at either side of centres of
symmetry (such as A in fig. 12) barium atoms are
found which are relatively close together and are
. located in adjacent layers. (This had already been
established, it may be recalled, from the result of the
one-dimensional Patterson synthesis in fig. 9.) Owing
to the proximity of these “large” atoms, the iron
atom (or zinc atom) B is “pushed aside’ slightly, so
that this atom lies outside the plane, perpendicular
to the ¢ axis, through the layer of barium atoms (this,
too, had emerged at an earlier stage, see fig.10). 13)

The knowledge gained of the structure has been
used for estimating the magnetic interactions
between the various iron atoms, as described in this
journal some years ago 11). It was found that all iron
atoms on tetrahedral sites have parallel oriented
magnetic moments, while those of the iron atoms on
octahedral sites are for the most part anti-parallel.
Such a distribution of the magnetic orientations
explains the low magnetic saturation of this sub-
stance.

Another investigation concerned the property
which this substance shares in common with other
materials of the “ferroxplana™ group, namely the
existence of a preferred plane of magnetization. In
this plane the magnetization is fairly free to rotate,
enabling these substances to be used as a “soft”
13)Amescription isnot possible in the compass of this article.

No mention is made, for example, of the method of least

squares, of difference Fourier synthesis, etc. A full descrip-

tion will be found in the article in Philips Research Reports
quoted under ).
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magnetic material in rapidly alternating magnetic
fields. The magnetic moments are tightly bound to
the plane perpendicular to the ¢ axis. Various cal-
culations have been made to explain this effect, but
they cannot be dealt with here 14). Tt will suffice to
remark that, as illustrated by the above “case
histories”, structure determinations can evidently
lead to a better understanding of the properties of
the substance investigated.

14) See § 39 in “Ferrites” by J. Smit and H. P. J. Wijn, Philips
Technical Library, 1959. ’

Summary. The principles and some applications of the X-ray
determination of crystal structures are discussed. The electron
distribution in a crystal can be described as the sum of a
number of Fourier components, here termed “density waves™.
The diffraction by a crystal can be regarded as due to the
scattering caused by these density waves. When a density wave
is irradiated by X-rays, a perceptible reflection: occurs only at
a particular angle of incidence. The resultant reflections make
it possible to determine the amplitude, wavelength and direc=-
tion of these density waves. It then remains to determine the
phase of the waves in order to calculate the electron distribu-
tion in a crystal by means of Fourier synthesis. The phases are
found by successive approximation, on the basis of provisional
models of the structure. Various means of arriving at such
models are discussed, including the Patterson projection, which
provides information on interatomic distances. Finally, various
structure analyses carried out in the Philips Research Labora-
tories are described. Analysis of the structure of the compound
Al goMn, ;, made it possible to infer that the manganese atoms
are present in two non-equivalent sites in the unit cell and that
their magnetic moments at these sites are oppositely oriented.
The structure of ThyAl was found to contain fairly large inter-
stices, which explained the gettering properties of this sub-
stance. The structure of Y-Ba,Zn,Fe;,[110,,, a ceramic mag-
netic material (ferroxplana), proved to be exceptionally compli-
cated (114 atoms in the unit cell). The successful analysis
of its structure contributed to a deeper understanding of the

magnetic properties of this substance.
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2767: M. Koedam: Sputtering of copper single
crystals bombarded with monoenergetic ions
of low energy (50-350 eV) (Physica 25,
742-744, 1959, No. 8).

Experiments on the sputtering of copper atoms
ejected from Cu single-crystal surfaces of various
orientations bombarded with rare-gas ions at normal
incidence show an anisotropy in the directional
distribution. The ejection patterns in the case of a
bombardment of Cu (111) and (110) surfaces are
given.

The number of copper atoms ejected per incident
ion in the normal (110) directionis given as a function
of the ion energy for a copper (110) surface hombarded
with rare-gas ions at perpendicular incidence. The
number varies from 0.01 at 75 eV to about 0.04 at
350 ¢V, depending on the bombarding ion and its
energy. For comparison the sputtering yield of silver
is given as a function of the ion energy. The silver
surface was bombarded with normally incident
He+, Ne*, Ar* and Kr* ions, with energies ranging:-
from 50 to 250 eV. The yield varies from 0.1 at
50 eV to about 1.5 at 250 ¢V ion energy.

2768: A. Venema: The measurement of pump
speed (Le Vide 14, 113-120, 1959, No. 81;
in French and in English).

Discussion of the various factors, in particular the
definition and measurement of pressure, involved
in the measurement of pump speeds at low pressures.
A number of conclusions are reached concerning the
location and nature of the pressure gauge to be used
in order to obtain meaningful results.

2769: K. H. Hanewald: Analysis of fat soluble
vitamins, IV. Discussion of the chemical
routine determination of vitamin D (Rec.
Trav. chim. Pays-Bas 78, 604-621, 1959,
No. 8).

Details of the already published procedure for the
chemical routine determination of vitamin D have

been investigated, especially the colorimetric deter-
mination with antimony trichloride and the elimi-

nation of tachysterol by addition of maleic anhy-
dride.

2770: P. Westerhof and J. A. Keverling Buisman:
Investigations on sterols, XII. The conver-
sion of dihydrovitamin D,-I and D,-II into

dihydrotachysterol, (Rec. Trav. chim. Pays-
Bas 78, 659-662, 1959, No. 8).

The results are presented of investigation on pre-
paring dihydrotachysterol, from dihydrovitamins
D,-I and D,-II.

2771: E. J. W. Verwey: Synthetische keramiek
(Chem. Weekblad 55, 553-556, 1959, No. 41).
(Synthetic ceramics; in Dutch.)

In the last decennia, especially in the last 10
years, there has been a rapid development of anew
branch of ceramics, called here “synthetic ceramics”,
characterized by the use of synthetic starting mate-
rials and by the circumstance that the final compo-
sition corresponds to compound materials synthe-
tized purposely in view of specific physical properties.
These materials are mainly appliedin high:frequency
electrical technique. They comprise insulators,
semiconductors and magnetic materials. A survey
is given of this branch of ceramics. A number of
materials developed in the Philips laboratories are
discussed in some detail. )

2772: J. te Winkel: Drift transistor (Electronic and
Radio Engr. 36, 280-288, 1959, No. 8).

Equivalent circuits for a drift transistor are
developed starting from a set of parameters derived
from the physical principles underlying the device.
It is shown what approximations are possible if
limited frequency ranges or large values of the
drift field are considered. Further simplifications
are obtained from the introduction of suitably
chosen frequency parameters. The resulting equiva-
lent circuits appear to be simply related to those
commonly used for a normal alloy transistor. The
form is the same and the values of the circuit
elements can be found by means of a number of
multiplying factors that depend on the drift field
only. These are given in graphical form.

2773: C. Jouwersma: Die Diffusion von Wasser in
Kunststoffe (Chem. Ing. Technik 31, 652-658,
1959, No. 10). (The diffusion of water in
plastics; in German.)

The application of classical diffusion theory
to the water uptake of plastics is described. In
the cases investigated experimentally, it was found
that Fick’s law was obeyed. In such cases, the
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variables — viz. form and size of specimen, nature
of surrounding medium, time and temperature, and
solubility and diffusion coefficients of the material —
can be separated. This enables one to make exact
predictions concerning the water uptake of speci-
mens of any form and size provided the characteris-
tic constants of the plastic material in question are
known.

2774: P. Penning and G. de Wind: Plastic creep of
germanium single crystals in bending (Phy-
sica 25, 765-774, 1959, No. 9).

The vertical displacement of the centre of a bar
supported on two knife-edges and loaded in the
centre, caused by plastic flow, is measured as a
function of time. First the creep rate increases
gradually and then becomes constant. The param-
eters describing the behaviour in these two regions
have been determined as a function of the applied
stress, for crystals of low and high dislocation den-
sities and for crystals doped with oxygen.

2775: H. G. van Bueren: Theory of creep of ger-
manium crystals (Physica 25, 775-791, 1959,

s, No.9).

" To explain the shape of the creep curves of ger-
manium single crystals loaded in tension and in
bending, a simple kinetic model is proposed, in which
the dislocations are generated by (surface) sources
and move with a uniform velocity over their glide
planes. In this model a quantitative interpreta-
tion of the parameters of the creep curve in terms
of the velocity of the dislocations, the incubation
time of the sources and the density of the sources
is possible. From the observations at “high” stress
levels the velocity of dislocations in the germanium
lattice can be determined; from those at “low”
stress levels the rate of generation of the dislocations
from the sources. The observed stress and tempera-
ture dependence of the creep process leads to similar
dependences of incubation time and velocity. These
dependences are used to form a quantitative theory
of dislocation production and motion in the ger-
manium lattice. This theory is shown to reflect
semi-quantitatively various observed peculiarities
of the creep phenomenon. The influence of other
dislocations and of oxygen as an impurity on the
elementary creep process can now also be qualita-
tively understood.

2776: J. S. C. Wessels: Dinitrophenol as a catalyst
of photosynthetic phosphorylation (Biochim.
biophys. Acta 36, 264-265, 1959, No. 1).

The insensitivity of photosynthetic phosphoryla-
tion to dinitrophenol shows that the mechanisms
of photosynthetic and respiratory generation of
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ATP may be quite different. The present note
reports that, surprisingly enough, DNP is able to
catalyse the generation of ATP by illuminated
chloroplasts. In this respect it is more active than
FMN but less active, than vitamin K.

2777: H. Koelmans, J. J. Engelsman and P. S.
Admiraal: Low-temperature phase transi-
tions in f-Ca4(PO,), and related compounds
(Phys. Chem. Solids 11, 172-173, 1959,
No. 1/2). ‘ ’

On measuring the temperature dependence of
the luminescence of f-Ca,(PO,), activated with
divalent Sn, strong hysteresis effects were found.
These effects are interpreted as being due to phase
transitions occurring at about 20 °C and at about
— 40 °C. The presence of these two phase transitions
has been confirmed calorimetrically. A number
of modified Sr-orthophosphates, which have a
structure closely related to that of B-Cay(PO,),,
show similar behaviour.

2778: J. Davidse: Transmission of colour television
signals (T. Ned. Radiogenootschap 24, 255-
272, 1959, No. 5).

The paper discusses the transmission of colour-
télévision signals according to the NTSC system.
The choice of the chrominance signals, of their band-
widths and of the subcarrier frequency is discussed.
The consequences of the method of gamma cor-
rection and of deviations from the constant-lumi-
nance principle are considered. The significance of
the statistics of the chrominance signal is pointed
out. This article has since been published in I.R.E.
Trans. on Broadcasting BC-6, 3, Sept. 1960.

2779: A. G. van Doorn: Studio equipment for
colour television (T. Ned. Radiogenootschap
24, 237-253, 1959, No. 5).

This paper gives a broad survey of the equipment
constructed in the Philips Research Laboratories
for the generation of colour-television signals and
the testing of the different pick-up systems. It
describes three colour cameras, one using image
orthicons as pick-up tubes, while in the other two
experimental vidicons are used. Further the principle
of the flying-spot scanner is described, as well as
the colour-film camera. The special problems en-
countered in designing simultaneous pick-up systems
and concerning colour-image registration, signal
uniformity and gamma correction are discussed
in more detail. In conclusion more is said about the
different pick-up tubes and their use in colour-
television cameras, their sensitivity, picture quality
and overall performance.
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DEALING WITH TECHNICAL PROBLEMS
RELATING TO THE PRODUCTS, PROCESSES AND INVESTIGATIONS OF
THE PHILIPS INDUSTRIES

Photo CERN

THE CERN 600 MeV SYNCHROCYCLOTRON AT GENEVA

I. OBJECT AND DESIGN.
II. THE RADIO-FREQUENCY SYSTEM.
1II. THE TUNING-FORK MODULATOR.

On 1st August 1957 the synchrocyclotron of the Organisation FEu-
ropéenne pour la Recherche Nu«léaire (CERN ) in Geneva entered
into operation for the first time at maximum particle energy. The
machine delivers protons with an energy of 600 million electron-
volts, which makes it the third largest of its kind in the world
(the largest is in Berkeley, California, and delivers proton ener-
gies of 740 MeV ). Several European firms have contributed to the
construction of the CERN cyclotron: the 2500-ton magnet was
supplied by Schneider (Le Creusot, France) ; the energizing coils
for the magnet by ACEC (Belgium); the vacuum chamber, in
which the particles are accelerated by the radio-frequency field, was
made by Avesta (Sweden); the large vacuum pumps for this
chamber came from Leybold (Germany); etc. The entire radio-

frequency system, with its modulator, was developed and manu-
factured by Philips Eindhoven in collaboration with the CERN.

It will be known that the principle of the cyclotron in its original
form, i.e. with an accelerating voltage of constant frequency, can
be used only up to relatively low values of particle energy (some
tens of MeV'), since the particles spiralling in the magnetic field
fall out of phase with the voltage as a result of the relativistic
increase in their mass. Higher energies can be achieved by fre-
quency-modulating the RF voltage: if the frequency, during a
part of the modulation period, is decreased in correspondence with
the increase in mass, the particles can be kept in phase with the
voltage up to the edge of the magnetic field. In this way,
owing the t» “phase focusing’,not only the particles that have
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originated at one given instant are accelerated but a whole group
of particles that have originated both before and after this instant
(principle of the synchrocyclotron) *).

In most synchrocyclotrons built hitherto the accelerating voltage
is frequency-modulated with the aid of a rotating capacitor.
A different system was adopted for the CERN machine, a vibrat-
ing capacitor being used in the form of a giant tuning fork. A
description of this new modulator system is given here. The de-
scription is prefaced by an article dealing with the general object
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and principal design data of the synchrocyclotron, and by a brief
account of the complete radio-frequency system.

The entire installation was built under the direction of Profes-
sor W. Gentner, the plans having been drawn up mainly under
the direction of Professor C. J. Bakker, afterwards Director
General of the CERN, whose death in April 1960 as the result
of an air crash was such a tragic loss. This 'series of articles
was planned with the kind help of the [late Professor Bakker.
We are indebted to Professor Gentner for the introductory article.

I. OBJECT AND DESIGN

by W. GENTNER **).

History

Serious discussions concerning the foundation of a
European laboratory for studying the physics of
energetic particles were begun in 1951, At the first
meeting of the provisional Conseil Européen pour la
Recherche Nucléaire (CERN), agreementwas reached
on the general objectives, which were subsequently
laid down in the Charter of the Organisation Europé-
ennepourla Recherche Nucléaire, established in 1954..
The lahoratory was to be equipped with two large
accelerators, on a scale not then existing in Europe.
The first machine envisaged was a large synchro-
cyclotron, whose construction was to be based on
installations of the same type and comparable
energy as already proved elsewhere. The second
machine was to be a pioneering project, both in
regard to its particle energy (above 10 000 MeV)
and its construction 1),

Principles of the design

We shall here describe the first, smaller accelerator
— later commonly referred to. as the SC machine.
The main object was to provide the CERN labora-

*) For further details of this principle, see W. de Groot,
Cyclotron and synchrocyclotron, Philips tech. Rev. 12,
65-72, 1950/51. Fundamental problems involved in the
construction of a synchrocyclotron are dealt with in the
following series of articles: F. A. Heyn, The synchrocyclo-
tron at Amsterdam, I. General description of the instal-
lation, II. The oscillator and the modulator, III. The clec-
tromagnet, IV. (with J. J. Burgerjon) Details of construc-
tion and ancill equipment, Philips tech. Rev. 12,
241-247, 247-256, 349-364, 1950/51, and 14, 263-279,
1952/53.

**) Director of Max.Planck Institut fiir Kernphysik, Heidel-
berg. Director of the Synchrocyclotron department of the
CERN, Geneva, from 1955 to 1959.

1) This accelerator has been completed and was officially put
into operation on 5th February 1960. The proton energy
achieved is 28 500 million electronvolts (28.5 GeV).

621.384.611.2

tory in the shortest possible time with a powerful
source of pi and mu mesons, so as to enable the
laboratory to play a full part in meson research. For
this purpose the energy of the accelerator had to be
substantially higher than the threshold value for

meson production, which is about 180 MeV when

protons are used, for it was already known that the
production of pi mesons does not initially rise very
steeply as a function of proton energy (fig. 1).
Moreover, it wasimportant that the mesons produced
should have the widest possible energy spectrum
with a view, for example, to experiments on the
scattering of mesons in matter as a function of their
velocity. An upper limit was set to the choice of
energy by the steeply rising costs involved, and also
by purely technical considerations. Like the classic

o /
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Relative pion yield

Fig. 1. Production of pi mesons (pions) by bombarding a
graphite target (3 mm thick) with protons. The relative pion
yield is shown as a function of proton energy E. E; is the
threshold energy. The yield at 345 MeV (the maximum energy
achieved in these measurements) is put equal to 100. Only
mesons whose energy is between 2 and 10 MeV are measured

(S. B. Jones and R. Stephen White, Phys. Rev. 78, 2, 1950).
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cyclotron, the synchrocyclotron requires a constant
magnetic field in which the circular accelerating
chamber is placed. The size of the pole pieces of the
magnet was to be such as to allow them to be made
on the largest available lathes in Europe. Further-
more, the pole pieces and also the energizing coils
were to be transported by road. All these physical,
technical and financial considerations led finally
to a pole diameter of about 5 metres (cf. fig. 2).
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the field of particle accelerators acted as advisers in
the early years to the permanent team, which has
since been steadily expanded. Finally, tenders were
invited from European firms for the manufacture of
the cyclotron components and ancillary equipment,
orders being placed with those firms whose tenders
were most satisfactory. The entire project was thus a

striking example of the European cooperation which
CERN set out to achieve.

2454
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Fig. 2. One of the two energizing coils (made by ACEC, Belgium) on the way to Geneva by
road. The internal diameter (i.e. the pole diameter of the magnet) is roughly 5 metres.

With a field of suitable form, it is possible with
this size of magnet of obtain a maximum beam
radius of 2.27 m, which, in the case of protons and
with an induction at the centre of 1.9 Wh/m?
(19000 gauss), corresponds to an energy of approxi-
mately 600 MeV. This energy was regarded as suffi-
cient for pi and mu meson research, particularly if
high beam currents can be achieved, which was a
further feature of the design. Further, the intention
was not only to produce mesons on targets inside the
cyclotron, but also to extract a large fraction of
the internal beam of particles, in order to generate
mesons on external targets.

The design of the installation was carried out by a
team of engineers and physicists, largely drawn from
nuclear research laboratories in the twelve member
countries 2). Numerous specialists and designers in

2) The member countries of CERN are Belgium. Denmark,
Federal Germany, France, Great Britain, Greece, Italy,
Jugoslavia, The Netherlands, Norway, Sweden and Switzer-
land. Austria has also been a member since 1959.

General layout
The layout of the synchrocyclotron and the experi-

ment rooms and beam channels can be seen in

fig. 3. The cyclotronissituated centrally in the build-

ing, and is surrounded by a radiation shield of
barium-concrete walls 6 metres thick (the barium
content increases the absorption). Diametrically
opposite each other, left and right in the figure, are
the two rooms for experiments: left, in P, the pro-
tons are available, and right, in IV, the neutrons and
mesons produced inside the cyclotron. The protec-
tive partitions between the rooms and the cyclo-
tron are built up from movable blocks, and can be
made to sink into the floor, thus greatly facilitating
the setting-up of new (‘xp(‘rimontal arrangements.
When irradiation is in progress in one of the rooms,
independent experiments can be prepared in the
other one. Room N, with its wall B,, is built as close
as possible to the cyclotron, since the mesons are so
short-lived that they have already considerably
decayed on their way to the experiment bay.
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About 30 metres from the source, high earth walls
provide extra protection for the other parts of the
SC department. Any excessive radiation in particu-
lar directions is absorbed by concrete blocks mount-
ed at suitable locations within the area (fig. 4).
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diations are in progress in both experiment rooms.

The fact that the cyclotron is set up at ground
level — and not, as many similar installations are,
underground — has the great advantage that the
outside walls of the experiment rooms proper may

————
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Fig. 3. Layout of the CERN synchrocyclotron, showing the concrete protective walls
(shaded), the beam channels and experiment rooms (P for protons, NV for neutrons). All
particle beams are drawn in red: p, proton beam, p, extracted proton beam, n series of
neutron beams generated at different radii of the proton path in the accelerating chamber A4,
nt and 7w~ beams of the positive and negative pions, respectively, extracted by suitable
means and focused by magnets M. Magn cyclotron magnet. HF radio-frequency system.
B, and B, protective partitions built up from separate concrete blocks and capable of being
sunk into the floor and raised hydraulically. B; and B, concrete blocks acting as doors, mo-
vable by means of electric motors. El power house containing the energizing-current gene-
rators and other ancillary electrical apparatus. W pump house supplying the cooling water

and containing the cooling installation.

A passage 60 m long leads from the cyclotron and the
experiment rooms to the controlroom( fig. 5) and the
“counter rooms”’, which contain the equipment for
counting the particles in the experiments (most
experiments boil down to counting operations).
It is here that the cyclotron and the experiments are
controlled, since it is not as a rule permissible for
anyone to be in the cyclotron building when irra-

be thin. As a result, there is very little back scatter
of the radiation used in the experiments. This in no
way detracts from the effectiveness of the external
protection, and has proved to be of great practical
value.No othercomparable installation has such alow
background of scattered radiation in the experiment
rooms. Indeed, in many experiments this fact is of
decisive importance. The thin walls offer the further
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Fig. 4. The building which houses the synchrocyclotron. The experiment rooms, seen right
and left, in which remotely controlled instruments are subjected to bombardment by high-
energy particles when the cyclotron is in operation, are enclosed by thin walls with the
object of reducing back-scatter. Special directions in which radiation might penetrate
outside the rooms are shielded off at some distance by concrete blocks.

advantage of making it easily possible to extend ona 1:10 scale model. (This model is now being
the beam channel outside if the experiments should used in a small cyclotron for further investigation

make this necessary. of the acceleration process.) The magnet consists
of 54 blocks, most of them weighing 46 tons each.
Main components The total weight of 2500 tons calls for a very

The construction of the magnet was first studied reliable foundation. The distance between the
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Fig. 5. The master control room of the CERN synchrocyclotron.
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poles varies between 45 and 35 cm. The two ener-
gizing coils are wound with aluminium tubing of
rectangular cross-section, through which cooling
water flows. The coils are ordinarily fed with a
current of 17507A, giving the magnetic induction
at the centre of 1.9 Wb/m? mentioned above. Fig. 6
shows the magnetic induction in the median plane

between the pole pieces as a function of the radius.

o s #Ho téor 200" " 250em
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Fig. 6. Induction B in the plane midway between the poles
of the magnet, as a function of the radius r, for different
currents I in the energizing coils. The field shape in a synchro-
cyclotron is adjusted by means of ring-shaped shims of soft
iron, increasing stepwise in thickness towards the edge, so as to
keep the orbits of the particles stable up to the edge. The crit-
ical point where stabilization fails (i.e. where the gradient
n = (dB/dr) (r/B) reaches the value 0.2) lies here at the radius
r = 2.27 metres.

The profile of the pole pieces produced by the shims is
shown below the curves; see scale on right.

At a current of 1750 A the power converted into
heat in the coils is approximately 750 kW. The cool-
ing water which removes this heat is itself cooled,
and is recirculated. In the title photo the upper part
of the magnet can be seen, with the upper energizing
coil and the accelerating chamber.

The vacuum in the accelerating chamber, which
must be of the order of 107 mm Hg, is maintained
by two oil-diffusion pumps, each with a pumping
rate of 12 m?3/sec at 107* mm Hg. The whole cham-
ber, including the connections to the pumps,is made
of stainless-steel plates welded to a frame assembly.
No trouble has ever been experienced with the
vacuum. '

The proton source originally envisaged was a
hot-cathode arc ion source. This was later replaced
by a Penning cold-cathode ion source, which is much
simpler and can also be pulsed without difficulty.

The radio-frequency system, on whose reliability
the operation of thé whole cyclotron depends, is
described at some length in the following articles.

The principle of the tuning fork, chosen as the
variable capacitance of the modulator, providing a
frequency variation between 29 and 16.5 Mc/s,
finally proved its value after a good deal of difficult
development work. The protons are accelerated in
the RF field in the established way with only one
complete Dee, which leaves one half of the accelera-
tion chamber entirely free for the positioning of
targets. The general construction of the dee and
further particulars of the accelerating chamber
are shown in fig. 7.

The machine is provided with the following target
systems. For the production of neutrons of different
energy, eight “flip targets” (see below, fig. 7) can be
“flipped” into the beam at varying distances from
the centre. A movable “probe target” can also be
positioned at a varying distance from the centre;
the use to which it is put will be discussed presently.
Further, there is a universal target or “Fermi trol-
ley” available, which canbe moved around the outer-
most proton orbit and is used for the production of
mesons. This system permits easy adjustment of
the meson source in relation to the deflection system
for the meson channels.

The proton beam is deflected in a magnetic chan-
nelin which an adjustable perturbation of the mag-
netic field produces suitable oscillations of the beam.
This beam-extraction system, developed by Le
Couteur, had already proved its effectiveness in the
Liverpool synchrocyclotron?). Upon extraction the
proton beam immediately passes through two
quadrupole lenses, each of which has afocallength of
about 3 m. These are followed, near the radiation
shield, by a double-focusing deflection magnet, which
accurately directs the beam through the channel to
the experiment room.

The principal operating data of the machine are
collected in Table I.

Yield of fast protons and mesons

The current of the internal proton beam can be
measured with a thermocouple fixed to the probe
target. As the radius increases, however, and with it
the particle energy, the beam passes through the
thermocouple more than once. At the same time,

3) K. J. Le Couteur, The extraction of the beam from the
Liverpool synchrocyclotron, I. Theoretical, Proc. Roy.
Soc. A 232, 236-241, 1955. — The required magnetic
channel for the CERN machine was designed with the
assistance of N.F. Verster of the Philips Laboratory at
Eindhoven, making use of a laboratory computer.
Editorial note: This design work, which has also been
applied successfully to the synchrocyclotron built by Philips
at Orsay near Paris, will in due course be the subject of a
special article in this journal. :
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Table I. Principal data of CERN synchrocyclotron. the energy loss of the particles per unit length of
= — L = E—— - path is reduced. Consequently, at radii above 1.5
Maximum proton energy 600 MeV metres, the proportionality factor that gives the
Maximum radius R of proton path (n = 0.2) 2.27 m 7 © proy Y BIVes

Magnetic induction at R — 0, midway | relation between the thermo-e.m.f. and the beam

between the poles

cen ( 1.88 Wb/m?  cyrrent is dependent on the radius. Where an abso-
Magnetic induction at R = 2.27 m 1.7
1.

9 Wh/m?

Ampere turns, normal 2 108 lute measurement is required, this method can there-
Ampere turns, maximum permissible L1.35x 10° fore only be used with certain corrections, which are
Energizing power, normal 750 kW . . 5 .

Weight of magnet 2500 tons not sosimple to estimate. For relative measurements,
Frequency sweep of accelerating voltage 29-16.5 Mc/s however, the method is most convenient. It has been

Modulation frequency | S5¢/s . ]
i | shown, for example, that there is no appreciable
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Fig. 7. The accelerating space A in the vacuum chamber K, with channels through the protec-
tive wall B, leading to the neutron experiment room N. Only one of the dee electrodes (D)
is connected to the radio-frequency system: the second is earthed and is therefore a simple
slotted strip (D,), leaving the whole of the right half of the chamber free for target assem-
blies. I ion source attached to arm I'H and with adjusting mechanism IM. T, eight “flip
targets’’, which can be set upright for producing neutrons of different energies (beams n).
S probe fitted to arm SH, one purpose of which is to measure the intensity of the proton
beam at various distances from the centre. Defl magnetic channel with devices for extrac-
ting the protons from the accelerating chamber. L lens for strong focusing of the extracted
proton beam p,. Tt Fermi trolley, i.e. universal target, which can be moved around the
outermost proton orbit, for the production of mesons; in the position illustrated, negative
pions are extracted by the deflection magnets My,' and My?. The meson beams are m,,
my, my. Magn yoke of cyclotron magnet. P magnet pole. Sp energizing coil. Vac pumps.
G radio-frequency source and tuning-fork modulator.
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loss of particles during the acceleration. The method
- was also used, with a differential thermocouple, to
get the spiral paths of the protons to lie very accu-
rately in the median plane between the pole pieces.
For this purpose the energizing currents of the two
large magnet coils had to be made slightly different
by means of an additional current generator: the
magnetic median plane was found to be originally
1.2 cm lower than the geometrical median plane.

The absolute intensity of the external beam was
measured with a graphite target, in which 1'C is
produced by the process 2C(p,pn)l'C. Since 1C
emits only positrons, the number of these reactions
per unit time can easily be determined by comparing
the emitted radiation with the radiation from a
standard gamma source. Moreover, the effective
cross-section — which gives the ratio between the
number of reactions and the number of bombarding
protons — is well known for this reaction, and is
virtually energy-independent for protoms in the
energy range involved. In this way the internal
proton beam current at a radius of 2 m was found
to be 0.3 pA.

Extensive magnetic measurements in the deflec-
tion channel were needed in order to arrive at the
highest possible intensity in the deflected beam.
With the lenses referred to above, the beam in the
experiment room can be focused to a diameter of
3 cm at a point 5 m beyond the radiation shield.
The total external proton beam current is 1x 10
protons per second, i.e. about 6%, of the internal
current. These protons possess an energy of 600
MeV.

The experiment room at the othersidereceives the
positive and negative pi mesons (pions) from the
Fermi trolley. The energy of these pions is between
70 and 320 MeV. The negative pions describe a
path as illustrated in fig. 7. The maximum intensity
is reached at 150 MeV and amounts to 4 X 105 pions
per sec. Since the path of the positive pions is curved
:in the same direction as that of the protons, only
those positive pions can be extracted into an exter-
nal channel that emerge from the target backwards.
The Fermi trolley is moved into the appropriate
position for this purpose (see fig. 8). Owing to this
less favourable direction of emission (the majority
of the pions in this energy range leave the target in
the forward direction) the intensity of the positive
pion beam is much lower. Other things being equal,
it amounts to roughly 104 pions per sec at 70 MeV.
It is also possible to produce pions in an external
target, and to extract them from the proton beam
by means of a deflection magnet (see the =+
beam in bay P in fig. 3).

Results to date and future plans

After the cyclotron was first put into operation on
1st August 1957 at its maximum energy, experi-
ments could soon begin. There was then very little
time available to make the modifications which had

2460

Fig. 8. Position of universal target Ty (Fermi trolley) for pro-
ducing positive pions with the proton beam p. Meaning of
letters as in fig. 7.

been shown to be desirable in the first month of
operation. After having worked for more than two
years, the cyclotron was shut down for a while to
allow these modifications to be made. Improvements
were introduced in the RF system, and changes are
being made that will enable the cyclotron to operate
on short pulses, whilst at the time raising the inten-
sity of the proton beam. The protective wall with
the beam channels is being rebuilt, and quadrupole
lenses are to be incorporated in the wall in an at-
tempt to raise the intensity of the pion currents.
Another series of quadrupole lenses is being set up
to produce a powerful beam of mu mesons(muons)
for scatter experiments.

In the first three years the machine was in opera-
tion 24 hours a day over long periods. During this
time, many interesting experiments were success-
fully completed. One group of investigators demon-
strated that, in addition to the normal decay of the
pion into a muon and a neutrino, it is also possible
to observe the much rarer decay of the pioninto an
electron and a neutrino ¢). Other groups have worked
on the K-capture of muons in 12C, with the object
of studying the interaction of muons and electrons
with the atomic nucleus. Experiments have been

4) F. Fazzini, G. Fidecaro, A. W. Merrison, H. Paul and A. V.
Tollestrup, The electron decay of the pion, Phys. Rev.
Letters 1, 247, 1958. .
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carried out to test the hypothesis that meson pro-
cesses are independent of their charge. A chemical
team has been engaged on the study of various nu-
clear reactions involving the ejection of numerous

THE CERN 600 MeV SYNCHROCYCLOTRON, I 149

fragments (spallation). In addition, guest teams from
the member countries have started on their own
research programmes, and these are being given
special prominence.

Summary. The synchrocyclotron of the CERN laboratory at
Geneva, which has been in operation since August 1957,
produces protons of 600 MeV. This article discusses briefly
the principal considerations governing the choice of this energy
and the general design. Of particular interest is the layout of
the building, which made it possible to minimize the general
background of radiation in the experiment rooms. After men-
tioning the salient features of the construction of the synchro-

cyclotron, the author touches on the targets and the beams of
particles produced. The internal proton beam current is approx.
0.3 pA. An efficient deflection system makes it possible to ex-
tract about 69, of this current. Further, intensive beams of
pions and muons are available (per second 4X 105 negative
pions of 150 MeV or 10% positive pions of 70 MeV). The article
concludes with a reference to the research programmes in
progress.

II. THE RADIO-FREQUENCY SYSTEM

by K. H. SCHMITTER *) and S. KORTLEVEN **).

In the following account of the radio-frequency
system of the CERN synchrocyclotron we shall
describe the main technical features of the system
and also touch briefly on the theoretical considera-
tions underlying its design. Some parameters on
which the design is based have already been men-
tioned in the previous article (particle energy,
magnetic induction, dimensions of the magnet
poles, etc.); various other conditions were imposed
by the design of the modulator, which is described
in article ITI.

Principles underlying the design

The orbital frequency w of the particles in a cy-
clotron decreases during the acceleration process,
for two reasons:

1) because of the relativistic increase of the mass m
of the particles,

2) because the magnetic induction B falls off
radially. This radial diminution of the field in the
(rotationally symmetric) cyclotron is necessary in
order to stabilize the orbits of the particles. Let m,
be the rest mass of the particles, e their charge,
r the radius of the orbit and ¢ the velocity of light,
then the familiar equation applicable to the classic
cyclotron,

*) Max Planck Institut fiir Physik und Astrophysik,
Munich; formerly attached to CERN, Geneva.
**) Industrial Equipment Division, Philips, Eindhoven.
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w0=nT,.......(1)
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should be replaced by the more general equation:

w(r) = ¢ B() N )

mlf e (20

mgc

For a particle at r which possesses the kinetic
energy Ej corresponding to that position, the dee
voltage must have the frequency given by equation
(2) if the orbiting particle is to remain exactly in
phase with this voltage. Equation (2) thus gives the
ideal frequency variation in an acceleration cycle,
and that variation should be achieved in the syn-
chrocyclotron by modulating the frequency of the
dee voltage. Fig. 1 shows the induction curve B(r)
— see article I, fig. 6 — and the proton frequency
curve w(r), together with the curve representing
the kinetic energy of the protons Ey(r). As can be
seen, the frequency w/27% for protons must initially
be about 29 Mc/s for a magnetic induction at the
centre of 1.9 Wb/m? and at the energy of 600
MeV, which corresponds to the boundary radius of
2.27 m of the stable orbit (see I}, this frequency must
have dropped to 16.5 Mc/s.

Broadly speaking, the above shows that the
frequency sweep must be greater the higher the
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Fig. 1. Curve showing the radial variation B(r) of the magnetic
induction in the CERN cyclotron, the corresponding frequency
variation w(r) for the acceleration of protons, and the radial
increase in the kinetic energy Ey(r) of the protons.

energies aimed at'). That is one of the reasons why
the building of a large synchrocyclotron is no easy
task from the point of view of high-frequency engi-
neering.

The above equation does not unambiguously
establish the manner in which the frequency of the
dee voltage should vary as a function of time be-
tween the specified limiting values. A further condi-
tion remaining to be satisfied is that the frequency
variation of the particles per orbit (w/w) must
exactly correspond to the energy gain of the parti-
cles in each complete orbit. For any given frequency
curve one can thus derive an ideal programme for
the amplitude U of the dee voltage, since the latter
governs the energy gain per orbit. If we want to let
the radius of the orbit increase linearly with time —
in which case the curve w(r) in fig. 1 would also re-
present the variation with time (the frequency pro-
gramme) — then {J = const. would be the corre-
sponding ideal amplitude programme. '

In reality the choice of amplitude and frequency
programme is not entirely free, in particular because
— as we shall see — the dee voltage necessarily
varies with frequency. Fortunately it is not neces-
sary that frequency and amplitude should be exactly
in step with one another: if this were so it would
mean that a particle, in each revolution, would pass
the dee gap in the same phase @ with respect to the
dee voltage, namely at ¢ = —30°. (Such particles

.

1) For comparison it may be mentioned that a frequency
sweep of only 49, was needed in the synchrocyclotron
built by Philips for the Kernfysisch Instituut (IKO) at
Amsterdam, and which supplies deuterons of 28 MeV; see
Philips tech. Rev. 12, 244, 1950/51,
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are then 60° in phase behind those particles which
pass the dee gap at the exact moment of maximum
dee voltage, for which, by definition, ¢ = —90°.)
However, because of the phase focusing, which

" characterizes the operation of the synchrocyclotron,

a certain variation in phase is permissible; the only
consequence of a deviation of ¢ from the chosen value
is that the phase range of the particles carried along
by the focusing will change slightly, thereby also
changing the beam current of the cyclotron. The
value ¢ = —30° is generally regarded as the most
favourable. It is true that at ¢ = —90° the accele-
ration benefits from the maximum instantaneous
value of the dee voltage, but the effect of the phase
focusing is then zero since in that situation there is
no available reserve of acceleration for the particles
travelling too slowly. At ¢ = —30° the focusing
embraces all particles in a phase range from —150°
to +40°2); only 109, of the available particles are
lost and the instantaneous value of the accelerating
dee voltage still amounts to half the maximum.
The practical consequence of this is that the actual
amplitude of the dee voltage should always, to be
on the safe side, exceed the “ideal” amplitude. True,
the accompanying increase in the beam current by
no means comes up to the higher demands made
on the equipment to produce a higher dee voltage,
but there is at least the certainty that the dee voltage
will never fall below the ideal value, even if a dip
should occur in the amplitude curve, as may happen
at certain frequencies: in the latter case the beam
current would fall rapidly, since many particles not
accurately in phase would be lost when traversing
the frequency region in which the dip appeared.
The amplitude of the dee voltage and the ampli-
tudeprogramme approximately establish the admissi-
ble repetition frequency of the acceleration process
(modulation frequency). Given an average phase
@ = —30° and a dee voltage U of say 4 kV at 29
Mc/s and 8 kV at 16.5 Mc/s, each proton has an
average energy gain of about 200 MeV per millisec-
ond; it should thus reach the final energy of 600 MeV
in about 3{gth second. Since the form of the fre-
quency curve is suitable only during roughly a third
part of the modulation period, it follows that the
maximum permissible value of the modulation
frequency would be about 100 c/s. Unfortunately,
owing to the limited mechanical strength of the
material used for the mechanical modulator (see
article IIT), it is not possible to achieve such a high

?) D. Bohm and L. L. Foldy, Phys. Rev. 72, 649, 1947, See
also W. de Groot, Philips tech. Rev. 12, 65, 1950/51,
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modulation frequency 3). Originally, therefore, 50 ¢/s
was decided upon, the idea being to use the mains fre-
quency. When it appeared, however, that the mains
frequency was not sufficiently constant, it was de-
cided to use a special generator, and the modulation
frequency was fixed at 55 ¢/s in order to avoid beat-
frequency interference from the mains.

The next step in the design of the RF system was
to estimate the power required. As in most particle
accelerators, the power needed for the actual accel-
eration is of secondary importance. The average
particle current envisaged was 0.5 wA, which meant
a power consumption of 300 W at a final energy of
600 MeV. Taking into account the particles lost
during the acceleration process, the average RF
power required for the acceleration was thus esti-
mated at roughly 1 kW. The joule losses in the dee
system, however, and other losses whose nature is
not entirely clear but which generally occur in
cyclotrons, are very much larger than the power
needed for the actual acceleration, so ‘that the oscil-
lator power decided on was 10 to 20 kW 4).

The design of the dee system

The dee system as a resonant transmission line

Ina synchrocyclotron the accelerating electrodes
normally consist of only one dee and an earthed
strip (see I). With its supply line the dee constitutes
the inner conductor of a coaxial line, which must be
excited into resonance (the inner and outer conduc-
tors of the coaxial line in this case have a rectangular
cross-section, and the inner conductor is hollow).
Other forms of resonators are not suitable because
of radiation losses. The resonator is excited in its
fundamental mode. Its “electrical length” is varied
by varying the boundary conditions: the modulator
does this at the repetition frequency (55 ¢/s). The
variation in the present apparatus is brought about
by the variable capacitance Cy of the tuning fork.

In the simplest case, illustrated in fig. 2, the fun-
damental mode for the limiting value Cyy = 0 (line
open at both ends) corresponds to a half-wavelength
along the transmission line; for the other limiting
value, Cy = oo (line short-circuited at one end),
it corresponds to a quarter-wavelength along the
line. The corresponding resonant frequencies would
be in the ratio 2 : 1. Since the practicable capaci-

3) If a rotating capacitor had been used instead of the tuning
fork, the properties of the material would have imposed a
similar limit on the frequency.

%) In the Amsterdam synchrocyclotron the “efficiency’’
(power on the target divided by transmitter power) is
about 159, which may be regarded as exceptionally high.
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tance variation lies between much narrower limits
than between 0 and oo — between 256 and 2580 pF
with the envisaged tuning-fork modulator — it was
obvious that the required frequency sweep from 29

a ﬁ
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Fig. 2. a) Simplest form of a coaxial transmission line coupled
to modulating capacitor Cy.

b) and c) At the limiting values Cyy = 0 and Cy = ©0, a
standing wave of 44 and }4, respectively, is set up in the

resonator (the voltage amplitude U, is- plotted against dis-
tance x).

to 16.5 Mc/s could not be achieved with this arrange-
ment.

A greater frequency variation can be obtained if
the modulation capacitor is made into a series
resonant circuit by the addition of an inductance
(fig. 3a) ). The inductance used is in the form of a
shorted section of coaxial line (a “stub”, fig. 3b).
Assuming that the line has everywhere the same
characteristic impedance, we then obtain the volt-
age distributions shown in fig. 3¢-g for the limiting
values Cyy = 0 and Cyy = oo and for various values in
between. The whole transmission line will then have
a #2 standing wave in the one limiting case and a
44 wave in the other, so that the extreme frequen-
cies in the ideal case are in the ratio of 3 : 1. This
brings us in sight of the desired frequency sweep
(29 : 16.5), but it is evident from the cases (d) and
(f) in the figure that only a frequency ratio of 5:3
(= 29:11.5) is reached at a capacitance ratio of
CMmax : CMmin = #® = 9.85. We were thus still some
way from our objective, and the last steps were the
most difficult.

Before dealing with them, however, we shall
dwell for a moment on the case of fig. 3f, which
corresponds to the largest obtainable capacitance

5) A parallel resonant circuit is also feasible, but the results
are not so favourable. The intricate considerations involved
are described by K. H. Schmitter, CERN report 59-33 of
22th September 1959, in which other questions concern-
ing the resonator system are also discussed. See also M.
Morpurgo, CERN report SC 136, 1955.

.
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Fig. 3. a) The modulating capacitor is turned into a series
resonant circuit by the addition of an inductance L.

b) This inductance is in reality a short-circuited section of
line (stub).

¢) to g) Voltage distribution on the resonator thus formed, at
different values of capacitance Cy. Cases (d) and (f) roughly
correspond to the extreme values attainable with the tuning-
fork’capacitor.

CMmax- that is to the lowest frequency. We see thatin
this case the resonator from the lips of the dee to the
modulator must have an electrical length [ = /.« /5.
With finin = 16.5 Mc/s this gives I = 3.75 m. Since
the length of the dee is roughly equal to the radius
of the magnet pole, i.e. 2.5m, the dee had to be pro-
vided with an extension — a stem or neck. For con-
structional reasons this was in fact most welcome,
1) because it created more room for the modulator
(the larger a cyclotron, the more likely that the whole
RF system has to be squeezed in the rather inade-
quate space between the coils of the large magnet),
and 2) because the modulating capacitor is then
situated farther away from the stray field of the
magnet (see I1I).

The way in which the frequency sweep was finally
raised to the required value may be explained by
considering the influence of the characteristic
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impedance. To begin with, at a given variation ACy
of the modulator capacitance the frequency sweep
will be greater the smaller is the capacitance in
parallel with the modulator. It is therefore impor-
tant to keep the capacitance of the dee as small as
possible, that is the dee should not be larger than is
absolutely necessary (half the area of the magnet
poles). The characteristic impedance of the dee,
which for a uniform line would be ( = JLi/C
(Ly and C; being respectively the inductance and
capacitance per unit length), is then as large as pos-
sible. Further considerations must takeinto account
the fact that the dee can certainly not be treated as
a uniform line

this is evident on purely geometri-
cal grounds, see the model in fig. 4. This at once
raises the question whether the situation might not
perhaps be more favourable if, also for the dee stem
and stub, we were to drop the assumption hitherto
made that the system is a uniform line, possessing
the
along it. It turns out that it is indeed better to

same characteristic impedance everywhere
make the characteristic impedance of the dee stem
greater than that of the dee itself, and similar con-
siderations apply to the stub, as explained in the
first report cited in reference ?). (The situation as
regards the stub may be roughly understood if we
remember that a large characteristic impedance
implies an approach to the ideal case of a pure
inductance, as in fig. 3.) Admittedly, it is not pos-
sible to take full advantage of the resultant possi-
bilities of increasing the frequency sweep, for one
reason because the latter is also limited, at a given
ACy, by the current and voltage load of the modu-

2887 |

Fig. 4. Model of resonator on 1 : 10 scale. The photograph shows
the outer conductor of the “coaxial’” system, which, however,
is removed on the left-hand side in order to show the modu-
lating capacitor and the stub. Inside the outer conductor on the
right is the dee. By means of the adjusting screw on the bracket
on the extreme left the capacitance of the simulated tuning
fork (meshed comb capacitor) can be changed.
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lating capacitor. Nevertheless, after empirically ar-
riving at a suitable compromise, it proved possible
along these lines to achieve the required frequency
sweep.

The fact that the current and voltage load affects the fre-
quency sweep is due to the direct relation between the fre-
quency variation at a given ACy and the variation of the watt-
less power in the capacitor. This relation remains, no matter
how the capacitor circuit may be varied; this can easily be
verified on a number of simple examples.

One further remark before we enter into details on
the design of the resonator. We have considered the
dee system as a one-dimensional system, that is to
say we have assumed that the voltage varies in the
same phase and with the same amplitude at all
places in the mouth of the dee. A glance at fig. 4 will
make it obvious that vibration modes must also
exist for which this is not the case, i.e. transverse
vibrations in the dee. Such parasitic oscillations are
of course unwanted. Since transversal parasitic
oscillations having an antinode on the axis of sym-
metry are particularly likely to occur, counter-
measures have been taken in some cyclotrons by
cutting a slot in the dee along the axis of symmetry.
Longitudinal modes are not affected by this slot. In
the present case, such a measure was found to be
not necessary in view of the high degree of symmetry
of the system. The only dangerous parasitic oscil-
lations were those due to the supply lines to the
oscillator (these were longitudinal modes of oscillation
differing from those in fig. 3). After we had adopted
the principle of the flywheel oscillator, to be dis-
cussed below, even parasitic modes of this kind
occasioned no further difficulties, whereas in the
construction of other eyclotrons it has often taken
months of hard work to eliminate the effects of para-
sites.

Design of the resonator

From the desired frequency programme and the
variation of the tuning-fork capacitance we can now,

le 48,5cm_: ple e »ie >l
' : ! !
s L g5 % 3]

Fig. 5. Approximation to the dee by aline whose characteristic
impedance { varies in steps, being constant in each section.
The first section of line is loaded by the capacitance of the dee
mouth. The steps drawn in the dee are merely a symbolic
representation of the variation of .
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along the lines discussed above, calculate the di-
mensions of a resonator as in fig. 3, provided we
know the characteristic impedance of the dee. As we
have seen, the dee is by no means a uniform line.
Satisfactory approximation is obtained by substi-
tuting for the dee five consecutive sections of line of
equal length, each in itself being a uniform line. The
first section is loaded with the 200 pF capacitance
of the dee mouth (fig. 5). We can now calculate the
characteristic impedance of each section of line, and
hence the reactance of the whole system as a func-
tion of frequency (fig. 6). Comparison of the reac-
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Fig. 6. Calculated reactance of the dee in fig. 5 as a function of
frequency. The dashed curve represents the reactance calcu-
lated when the dee is treated as a uniform line.

tance curve with that calculated when the dee is
replaced by a uniform line (dashed curve in fig. 6)
demonstrates the effect of the improved approxima-
tion. ' '

The further design of the resonator was carried
out, as is usual with such complicated systems, on
partly empirical lines, that is the calculation outlined
above was continuously supplemented and improved
by a series of concurrent tests on models. One model
was made on a scale of 1 : 10 (i.e. for frequencies ten
times as high), and one full-scale model was made.
The small model appears in fig. 4, and the full-scale
model in fig. 7. Measurements were also made on a
model of 1 : 1 scale in the longitudinal direction and
1:7 scale in the transverse direction. The full-scale
model was also used for developing and proving the
RF generator. This model — made of copper
sheets on a wooden frame — was constructed in such
a way as to enable the characteristic impedances of
stem and stub to be varied independently of one an-
otherby changing the dimensions of the outer conduc-
tor (the “liner’”). It was also possible to vary the
length of the stub. In this model the tuning-fork
modulator was replaced by a stationary condenser
of similar shape, the capacitance of which could be
varied from 250 to 2700 pF by adjusting an air gap.

The principal dimensions of the final version of the

v

»
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Fig. 7. Full-scale model of the resonator (wooden frame clad with sheet copper), built in
Eindhoven, together with instruments for testing the RF generator.

resonator are given in fig. 8. The variation of the
resonant frequency measured on this version as a
function of the capacitance of the tuning fork is
shownin fig. 9. For this measurement the connection
terminal of the generator was placed as near as pos-
sible to the shorted end of the stub. This must be
done because the capacitative reactance of the gener-
ator lowers the frequencies obtained but especially
the highest frequency, the more so the farther the
connection point is removed from the shorted end.
This is easiest to understand if one remembers that
the effect of the inductance, which was specially
introduced to increase the frequency sweep (fig. 3a),
is partly destroyed by the capacitance of the genera-
tor (primarily the anode capacitance of the trans-
mitting valve). On the other hand, the connection
terminal must not be too near the shorted end,

stub Dee-stem Dee Dee-mouth
1.5Im ' 1.088m 2.425m 4
|

I
l T -——\_\_‘__l_
lll! } =
7}l 7650 ‘{zss.n W
I _=L i

2000F G4
4431

Fig. 8. Principal dimensions and characteristic impedances of
the resonator in its final form.

otherwise the impedance in the anode circuit will be
too small, making it impossible to satisfy the oscil-
lation condition in the whole range of the frequency
variation. The necessary minimum distance was
determined empirically on the full-scale model. The
dashed curve in fig. 9 represents the frequency
variation calculated, taking into account the known
generator reactance. Fig. 10 shows how the fre-
(quency varies as a function of time when the tuning
fork is made to vibrate sinusoidally (see I11II).
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Fig. 9. Measured variation of the natural frequency f of the
resonator as a function of tuning-fork capacitance Cy. The
dashed curve represents the calculated variation.

Fig. 11 illustrates the voltage and current distri-
bution over the system at the two extreme frequen-
cies, on the assumption that the amplitude of the
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RF supply voltage is constant at 5.4 kV (which cor-
responds to a direct anode voltage of 5 kV on the
transmitting valve). It can be seen that current
amplitudes of 3000 A occur in the stub, and that the
voltage at the dee mouth rises from about 5 kV at
29 Mc/s to about 19 kV at 16.5 Mc/s. If we calculate
the dee-voltage amplitude for the frequencies in
between these values, we obtain the curve shown in
fig. 12. This curve should be compared with the ideal
amplitude programme corresponding to the fre-
quency curve in fig. 10 if we wish to keep the phase
constant at —30° (see page 150). As already ex-
plained, the deviations occurring enable the accel-
eration to act on the maximum number of particles,
and also provide the reserve needed in the event of
dips appearing in the amplitude curve of the dee
voltage.

In reality, it is difficult to supply the system with
a generator voltage of constant amplitude, owing to
the effect of load variations on the excitation of the
generator. In practice, therefore, the amplitude va-
riation of the dee voltage differs from the calculated
curve, as shown by the dot-dash curve in fig. 12. The
curve bends over at the lowest frequencies because
the generator in this region is faced with a circuit

THE CERN 600 MeV SY NCHROCYCLOTRON, II

of relatively large capacitance and low inductance;
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Fig. 10.'Curve showing the natural frequency f of the resonator
coupled to the oscillator as a function of time, for sinusoidal
vibration of the tuning fork,

such a circuit is difficult to set in oscillation, as
will be seen by comparing it with the mechanical
analogue of a stiff spring with a very small mass. At
the higher frequencies the generator is presented
with a more normal oscillatory circuit. The relative-
ly large initial voltage which this gives rise to is very
useful for drawing large numbers of ions out of the
space-charge region near the axis of the cyclotron
and making them take part in the acceleration pro-
cess.
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Fig. 11. a) Distribution of the voltage amplitude U, b) of the current amplitude 1 over the
resonator at the frequencies f= 16 Me/s and f = 29 Mc/s. The abscissa x is the distance from
the end of the stub. The RF voltage from the oscillator is applied at point K, it being
assumed for both frequencies that the amplitude of the RF voltage on the oscillator and
of the connecting line is 5.4 kV,  °
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Fig. 12. Solid curve: amplitude of the voltage Ugee at the dee
mouth, calculated as.a function of frequency f. Dashed curve:
theideal amplitude programme corresponding to the frequency
variation shown in fig. 10. Dot-dash curve: actual variation of
voltage amplitude. :

Construction of the resonator

The whole inner conductor of the resonator, con-
sisting of dee, stem, tuning fork and stub,is under high
vacuum; the stub is accommodated in an extension
housing connected to the -evacuated accelerating
chamber of the cyclotron. Fig. 13 shows theresonator
seen from above, and fig. 14 represents a longitudinal
section. The stem H and the deeitself, D,form a single
structural assembly. It is supported on two spherical
insulators Is,, at two places near the ends of the dee
mouth, and at the stem it is suspended at two
places by insulators Is,. The spherical insulators rest
on the lower pole plate P, of the magnet, which is
the floor of the accelerating chamber. The insula-
tors can roll slightly on this plate. With this mount-
ing of dee and stem, deformations due to thermal
expansion or to magnetic forces cause no significant
* mechanical strains in the long axis. (When the enor-
mous magnet is switched on, the upper and lower
pole plates approach each other by several milli-
metres!) Transverse strains are taken up by the insu-
lators Is,, which are specially designed for that
purpose. The reinforcement ribs carried by the upper
and lower plates of the dee (fig. 13) are bent upwards
slightly, to compensate for the bending that occurs
with the assembly supported by only two spherical
insulators situated far apart. Fig. 15 shows a photo-
graph of the dee mounted between the pole plates;
note the relatively narrow dee mouth.

The spherical insulators are surrounded by metal
shields to protect them from fast particles. The dee
mouth, the sides of the dee and of the stem, and the
contact faces of the spherical insulators are all
water-cooled. For this purpose the dee system is
fitted with two parallel cooling circuits, in each of
which the cooling water is supplied and returned
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through two hoses of hard polyvinyl chloride about
10 metres long, which insulate the system from
carth. The hoses are rolled up and stored in the
compartment . They pass through the vacuum-
tight insulators Is, to the dee system.

Perpendicularly below the insulators Is, are two
identical insulators Is,; these ‘have no supporting
function but act only as insulating ports for the
lines to the tunming-fork feelers X (see article III,
fig. 24).

The stub St, with the tuning fork T attached to it,
is suspended from two insulators Is,, which are
mounted on top of the stub housing G and are of the
same construction as the Is,insulators. The possibil-
ity of passinglines through these insulators was not
used in this case, but their construction has the ad-
vantage of allowing considerable freedom of move-
ment in the suspension, which facilitates the initial
adjustment of the tuning fork. The centre of gravity
of the entire stub lies almost perpendicularly under
the line joining the suspension points, so that vir-
tually no bending moments act on the insulators.
As an additional support the shorted end of the stub
is secured to the floor of the housing via a simple
insulator Isg; the latter is necessary to keep this end
insulated from earth for DC voltage (see below).
The stub and the foot of the tuning fork (see fig. 22
in article III) are water-cooled, the supply lines pass-
ing through the rear wall of the stub housing. When
the cyclotron is in operation, the entire stub housing

Fig. 13. Construction of the resonator and its positioning in the
cyclotron. D dee with reinforcement ribs, supported at the two
points Is,. H dee stem, suspended at the two points Is,. T tun-
ing fork. St stub, suspended at the two points Is,. L outer
conductor of resonator. K accelerating chamber. Vac pumps.
p outermost proton orbit.
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Fig. 14. Longitudinal section through the RF system. The dee D and dee stem H form an inte-
gral assembly. D, dee mouth. D, dummy dee. P, and P, pole pieces of cyclotron magnet with
shims, likewise ceiling and floor of accelerating chamber. Is, spherical insulators. Is, and
Isy vacuum-tight lead-in insulators for the dee stem. S stator and T tuning fork of the
modulator, with feelers X. St stub, suspended in the housing G from the insulators I's, and
secured by the insulator Is,. Cy shorting capacitor. 4 servo mechanisms for adjusting the
mounting of the tuning fork. F flange, connecting the stub housing via an extension to the
accelerating chamber. Lp-Ly-Ls; outer conductor of coaxial resonator system. k oscil-
lator connection. O oscillator housing. () compartment containing the cooling-water hoses.
Sp, and Sp, coils of cyclotron magnet.

is supported only at the flange F'by which it is con-  tuning fork, and the housing is able to follow changes
nected to the accelerating chamber. This prevents in the position of the main mass of the cyclotron
floor vibrations, due to the operation of pumps, etc., (see above) without strains being set up. Deforma-

from being transmitted to the stub housing and the tions of the housing itself do not affect the accurate

Photo CERN

Fig. 15. View of the dee, mounted between the pole plates. Note the relatively narrow
mouth of the dee. To reduce the high demands on the stability of the orbits of the particles
in the vertical direction, it would be a help to make the dee mouth wider. This has not been
done, however, largely because of the small dee capacitance needed, which requires a large
distance between the dee plates and the earthed outer conductor of the dee system. On the
left, at the rear, the tube to which the ion source is attached can be seen projecting into the
accelerating chamber.
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maintenance of the mutual positioning of the tuning
fork T (on the stub) and the associated stator S (on
the stem), their position being constantly corrected
by the feelers X and the suspension mechanism driven
by servo motors A (see III, p. 176). To facilitate
assembly and disassembly, a trolley is fixed under-
neath the stub housing, which can be lowered on to
rails; after lowering this trolley and disconnecting
the flange, the stub housing can be wheeled away.

Finally, a few comments on the assembly of
copper plates which constitutes the outer conductor
of the resonator (the liner). The part that surrounds
the dee, Lp, and the dummy dee, D,, are electri-
cally joined to the pole-piece plates P, and P, and
directly secured to them. The part Ly around the
dee stem is at about the same distance from it as at
the transition from the dee to the stem. The side
walls of these sections of the outer conductor are
formed by perforated copper plates. The outer
conductor Lg; of the stub is carried by steel girders,
which are bolted to the inside of the stub housing.

The stub at the shorted end cannot be connected
directly butonly capacitativelytoits outer conductor,
the reason being that direct voltages of about 1000 V
must be applied to the dee and dee stem and also
to the stub in order to avoid a discharge. The
capacitance of the shorting capacitor (Cy, in fig. 14)
should be high and its inductance low. This appar-
ently simple circuit element caused quite a lot of
trouble in the construction (see also the end of this
article). Use was made for this purpose of commercial
ceramic disk capacitors of 1000 pF. The capacitor was
built up from 20 groups of 126 disks each ( fig. 16).
The total capacitance is 2.52 pF. The heat generated
by the losses in the capacitor is removed by cooling
water. During operation the maximum permissible
direct voltage is 1500 V.

Fig. 14 also shows the tap connection k on the stub
for the radio-frequency supply. By removing a few
screws on the outside of the stub housing, this con-
nection can be moved slightly in the longitudinal
direction of the resonator for making initial adjust-
ments. The RF generator with its transmitting
valve is contained in a housing O, which is bolted to
the bottom of the stub housing. For replacing the
valve, it can be let down and wheeled away.

The RF generator

The RF voltage for exciting the resonator is
supplied by a triode oscillator, fitted with a water-
cooled triode TBW 12/100 6). Even taking all possible

) This valve was described in Philips tech. Rev. 14, 226,
1952/53.
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Fig. 16. One of the twenty groups of ceramic capacitors from
which the shorting capacitor Cy, is built up.

losses into account (seep.151), the power reserve of
this 100 kW valve is very appreciable. As we shall
see, this triode is particularly suitable for use in a
grounded-grid arrangement.

In view of the wide range in which the resonator
frequency is varied, the circuitry and design of the
oscillator is somewhat unconventional. The oscillator
is required to operate stably in this whole range (and
preferably only in this range, in order to avoid the
possible excitation of parasitic oscillations). Tests on
the full-scale model had shown that this was not
possible in our case with the conventional feedback
circuit generally used in synchrocyclotrons; see fig. 17.
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Fig. 17. Oscillator with conventional feedback circuit, as or-
dinarily used in synchrocyclotrons. The anode is connected at k
to the resonator Res. Since the feedback voltage in this case is
taken from a second tap k, on the resonator, a loop is produced
which can easily give rise to unwanted modes of oscillation.
(In its further details the circuit corresponds to that in fig. 18.)
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The primary reason is that the oscillator is liable
to produce oscillations in the loop formed by the
relatively long transmission lines to the two con-
nection terminals on the resonator. Furthermore,
this circuit makes it difficult to keep the feedback
voltage in a suitable phase over the whole frequency
range: the phase difference between anode and cath-
ode voltage, which should be zero in the ideal case,
becomes so large at the extreme frequencies that the
oscillation condition for this circuit can no longer be
satisfied.

A circuit that proved highly satisfactory is the one
represented in fig. 18. The oscillator here is excited by
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Fig. 18. Oscillator with flywheel circuit. The feedback voltage
is tapped from a point a on the inductance L; the resonator Res,
which is connected at only one point k, itself determines the
frequency owing to its high Q, i.e. its high wattless power.
The inductances of the tube and supply lines are compensated
by means of the remotely controlled variable capacitor C; in
order to ensure that the alternating voltage on anode and cath-
ode are exactly in phase. The capacitor is adjusted such that
this is achieved at the centre frequency of the resonator
frequency swing. C, capacitor for RF earthing of the grid,
C, for shunting the filament. C, and C; anode-voltage blocking
capacitors. D, and D, chokes.

a feedback voltage taken from an inductance L in
the anode circuit, but it is the resonator, which is
connected at only one point, that determines the
frequency. This virtue is attributable to the low
losses (high wattless power) of the resonator (the
Q is particularly high, > 2000). The resonator func-
tions, as it were, like a flywheel: hence the term
Sflywheel circuit. The fact that the resonator need bhe
connected to only one point is also an advantage
from the point of view of construction, since it calls
for only one high-vacuum lead-in for RF current.
Moreover, the feedback factor can now be adjusted
by shifting the connection tap @ in the oscillator
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itself, i.e. outside the vacuum tank, and the varia-
tion of the feedback factor with frequency can be
controlled by the addition of circuit elements in
the easily accessible feedback system. Since the
grounded-grid arrangement, when properly designed,
ensures the efficient internal decoupling of anode and
cathode, the feedback is governed solely by the
circuit elements outside the valve. -

This arrangement proved to be so effective, par-
ticularly in the avoidance of parasitic oscillations,
that it was subsequently adopted by Philips for the
150 MeV cyclotron in Paris.

If the anode circuit, which in fig. 18 consists of an inductance
L shunted across the resonator, is to act as a resonant circuit,
the resonator proper must possess capacitative reactance in the
relevant frequency range. The frequency of the oscillator is
therefore always slightly above the natural frequency of the
free resonator. Because of the high quality of the resonator,
however, the difference is negligibly small.

The self-inductances of the valve and its connec-
tions tend to give rise to differences between the alter-
nating voltages applied to anode and cathode, which
theoretically should be in phase. These inductances
are compensated by a capacitor C;, which consists of
two variable vacuum capacitors connected in paral-
lel. Of course, the compensation can only be perfect
at one particular frequency. When the cyclotron is
in operation, this frequency is held in the middle of
the modulation range. For this purpose, one of the
vacuum capacitors can be varied from the control
room, 60 metres away from-the cyclotron (see I).
The phase deviation at both ends of the modulation
range is relatively small, owing to the relatively low
Q of the cathode portion of the feedback circuit
(which, as we have seen, does not determine the
frequency).

We shall now briefly consider some other details
of the design. The TBW 12/100 triode is built in such
a way as to allow an effective separation between the
cathode and anode of the oscillator, as required in a
grounded-grid arrangement. To this end the oscilla-
tor housing is divided into two parts by a horizontal
partition at the level of the grid connection. Ex-
tremely effective RF earthing of the grid is achieved
by fitting the partition with 96 ceramic capacitors of
1000 pF each, ai‘ranged in a circle around the valve
(Cy in fig. 18). Care was taken to avoid resonances
from these capacitors in the range between 16 and.
29 Mc/s. The same type of capacitor is used for
shunting the filament (C;). The coils used for the
inductance L in the anode circuit and the choke D,
in the anode-voltage supply line are of tubing
through which an air current is passed for cooling. A
ceramic pot capacitor Cy is included in the anode
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connection on the resonator for DC blocking. The line
for the connection is kept as short as practical, and
special arrangements are made to keep the induc-
tance of the capacitor connections very small, so
that the RF oscillator voltage is transmitted to the
resonator with as little attenuation as possible.
Apart from the usual electrical screening with
sheet copper, the generator housing is surrounded by
a sheet-steel housing to shield the valve from the
stray field of the cyclotron magnet (which would
adversely affect the mutual conductance). For the
same reason the anode can is enclosed in a 10 milli-
metre thick iron tube. For insulation from earth the
cooling water is again passed through a double hose

of polyvinyl chloride about 10 m long.

Photo CERN

Fig. 19. View inside the generator housing. Centre, the anode
can with cooling jacket; top right, the feedback coil, consisting
of three turns; left, one of the chokes.

Fig. 19 gives a view of the interior of the generator
housing, showing some of the components men-
tioned. The normal operating data of the oscillator
are presented in Table I.

Ancillary equipment

The radio-frequency system also comprises power
supplies, a cooling installation for the cooling water,
a device for pulsing the cyclotron, and instruments
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Table I. Oscillator data for normal pulsed operation.

Anode voltage ‘ 5-6 kV
Anode current (average value) 3-4 A
Grid current (average value) 1-1.5 A
Duty cyecle (fraction of modulation

period) 60-709;,
Frequency sweep 16.5-29 Mc/s
Anode efficiency 59-629;,

for controlling and monitoring the system. All this
ancillary equipment, which is more or less conven-
tional in design, is housed separately from the cyclo-
tron in the power house which contains the con-
verter set supplying the current for the large magnet
(fig. 20; see El in fig. 3 in I). The RF system can
largely be operated and controlled from here in-
stead of from the master control room (fig. 5 in I).
The operating controls are interlocked in such
a way as to safeguard the system from damage due
to manipulating the controls in the wrong order.
The main switching operations can be checked on
panels both in the master control room and in
the converter room FEIl. These operations include
switching on and off the filamant current for the
HT rectifier and for the oscillator valve; switching on
and off the anode voltage; raising and lowering this
voltage, and also the direct voltage for dee and stub;
switching on and off the tuning-fork modulator and
raising or lowering its amplitude. The equipment is
provided with elaborate safety devices: all major
faults are individually signalled, and if dangerous
faults arise the relevant part of the installation is
automatically switched off.

The object of the above-mentioned pulsed opera-
tion of the cyclotron is to obviate needless thermal
loading, in particular of the modulator: the oscilla-
tor need only operate during that portion of the
modulation period in which particles can be accel-
erated. The oscillator is controlled by pulses applied
to its grid. The requisite switching pulses are sup-
plied by the tuning fork itself (111, fig. 25). The fairly
elaborate equipment required for producing the
pulses and for effecting synchronization with the
tuning fork or with external pulses (e.g. for experi-
ments with a bubble chamber) will not be discussed
here.

During the operation of the cyclotron the RF
system has caused no particular difficulties. At
certain frequencies, dips sometimes appeared in the
amplitude curve of the dee voltage, and to compen-
sate for these the anode voltage had to be chosen
somewhat higher than normal (6 kV). It was soon
discovered that these dips were attributable to reso-
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Fig. 20. Part of the control and monitoring equipment for the RF system.

nance frequencies from the stub shorting capacitor
(Cp in fig. 14). Since the properties of the ceramic
dielectric of this capacitor were somewhat tempera-
ture-dependent, the occurrence and location of the
dips in the curve depended markedly on the time
during which the cyclotron had been in operation and

on the cooling of the capacitor. Not much could
therefore be done about these dips. While thesynchro-
cyclotron was shut down for a while, however, the
original shorting capacitor was replaced by another
ceramic capacitor specially designed for this pur-
pose, and consisting of only a few large plates.

Summary. The RF system of the CERN synchrocyclotron,
developed and built by Philips Eindhoven, in cooperation with
CERN engineers, contains two main components which are
briefly described. These are the resonator and the RF gen-
erator, with elaborate ancillary equipment. The required proton
energy of 600 MeV calls for a very large frequency sweep,
from 29 to 16.5 Mc/s. The tuning-fork capacitor used for this
frequency modulation provides a capacitance variation be-
tween 256 and 2580 pF. By combining this capacitor with an
inductance (“stub’’) to form a series resonant circuit, a dee
system could be designed whose resonant frequency varies
between the above-mentioned limits. Some underlying theo-
retical considerations are discussed, and details given of the
design work on the dee system, for which three different
models were used. The voltage and current distributions on the
resonator at the highest and lowest frequencies are given on
the assumption of an RF supply voltage of constant ampli-
tude. The voltage amplitude at the dee mouth is shown to be
considerably greater during the whole modulation period than

accords with the “ideal’” amplitude programme (for a phase
@ = —30° of the accelerated particles). The construction of the
resonator system is then described, mention being made of the
measures taken to avoid mechanical strains in the resonator
resulting from deformations in the cyclotron. The circuit chosen
for the oscillator is a “flywheel” circuit, not previously used
in cyclotrons (using a water-cooled 100 kW triode TBW 12/100
oscillating valve). The essential feature of this circuit is that
the control voltage for the valve is taken from a feedback
circuit in the oscillator, although the resonator — which is
connected at only one point — still determines the frequen-
cy, owing to its high Q. This circuit largely overcomes the
troubles experienced from parasitic modes of oscillation in
the RF system, which have been such a source of difficul-
ties in other cyclotrons. The construction of the oscillator is
briefly discussed, and passing mention is made of the ancil-
lary apparatus, including the equipment for pulsing the
cyclotron.
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III. THE TUNING-FORK MODULATOR

by B. BOLLEE *) and F. KRIENEN **),

The function of the modulator in the RF system
of the CERN cyclotron is to cause the frequency of
this system to swing periodically (55 times per
second) from about 29 to 16.5 Mc¢/s (wavelength 10.3
to 18.2 metres). The frequency modulation in a
synchrocyclotron is commonly effected by means of
arotating capacitor. The RF voltage which thereby
appears on the bearings and on the vacuum-tight
lead-in to the rotating shaft can, however, give rise
to considerable difficulties. Another method is based
on the use of a varying inductance, consisting of a
coil with ferrite core whose permeability is varied by

621.376.32:621.384.611.2

ments. Numerous difficulties had to be overcome
before arriving at the present satisfactory results.
We shall then go on to discuss in more detail
the structural design, the drive mechanism and the
cooling of the vibrating system, together with
various subsidiary problems. ‘

Outline of the vibrating capacitor system

The varying capacitance of the modulator is
achieved by means of a vibrator in the form of a
tuning fork, the prongs of which encompass a stator

(see fig. 1).
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Fig. 1. The radio-frequency system of the CERN synchrocyclotron may be regarded as
a coaxial transmission line. 4 centre line of the cyclotron (position of ion source). D dee.
D, dummy dee (carthed) H stem of dee. M modulator, with tuning fork T and stator S.
St “stub” (end section of transmission line). L outer conductor of transmission line.
K coupling to anode of oscillating valve. C}, capacitor giving RF connection of stub to
outer conductor but enabling the stub to be brought to a DC potential with respect to

earth (see IT, p. 158).

passing a periodically varying premagnetizing cur-
rent through an auxiliary winding. In the present
case it was to be foreseen that this method would
flounder on the magnetic losses in the ferrite. These
considerations led to the trial in the CERIN machine
of a new method of frequency variation hitherto
little used in synchrocyclotrons, namely the use of
a vibrating capacitor 1). The development of this
system was entrusted to the Philips Laboratories at
Emdhoven, in 1952, that is before the ofﬁmal
foundation of the CERN.

First we shall give here a broad description of the

system that was finally evolved after lengthy experi- -

*) Philips Research Laboratories, . Eindhoven.

**)CERN, Geneva.

1) The 740 MeV synchrocyclotron at Berkeley in California,
* the world’s largest, also uses a vibrating capacitor, though
of different design (with vibrating tongues). See R. L.
Thornton, CERN Sympos. 19561, p. 413; B. H. Smith,
K. R. Mackenzie, J. Reidel et al., Wescon Conv. Ree.
LR.E. 1, 60, 1957.

Between the prongs of the tuning fork and the
stator a voltage of 10 to 20 kV is applied. In view of
the risk of flash-over, it was desirable to make the
distance between the prongs and the stator not less
than 1.5 mm. This meant that the prongs of the -
tuning fork had to be made very wide in order to
achieve a sufficiently high maximum capacitance.
This was also desirable for other reasons: the density
of the RF current over the prongs had to be small
enough to allow adequate removal of the heat there-
by generated. The prongs of the tuning fork, or the
blades, as we can now better call them, are therefore
2 metres wide, which was roughly the maximum
width allowed by the available space between the
two vacuum pumps of the accelerating chamber
(see part I,fig. 7). The stator, situated symmetrically
between these blades with an overlap of 10 ¢m, is a
2-metre long aluminjum girder bolted to the stem of
the dee. Limitations were also imposed on the other
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Fig. 2. Perspective sketch of tuning fork 7" and stator S. H dee stem. E drive mechanism.
By, B,, B, three steel strips on which the tuning fork is suspended. a,, a,, a; spindles on
bearings in the stub frame. G leaf springs of beryllium bronze, fitted over the whole width
of the tuning fork to effect electrical connection with the stub St.

dimensions of the tuning fork. The height was
limited by the height of the vacuum chamber to
about 20 cm; the length was limited to about 60 c¢m,
having regard to the specified total length of the
RF system and the optimum position for the
coupling to the anode of the oscillating valve (see
Part II, p. 154).

The tuning fork, which is attached by a short
stem to a foot, was made from a solid block of
aluminium to within an accuracy of '/;;, mm. It
weighs about 75 kg, and its natural frequency is
55 ¢/s. Further details of the shape and dimensions
of the tuning fork are given in fig. 2, and fig. 3 shows
a photograph of the finished construction.

Fig. 2 illustrates how the tuning fork is set in
vibration by an electromechanical converter, fixed
to the foot. The operation depends on the converse
of the well-known phenomenon that a vibrating
tuning fork held to a sound-
ing board transfers energy
to the latter (and thereby
becomes more audible). If,
instead of the tuning fork,
the sounding board is vi-
brated at the appropriate
frequency, energy is trans-
ferred in the opposite direc-
tion and the prongs of the
tuning fork are set in vi-
bration. In the present
case the foot — which acts
as the sounding board —
must be given a horizontal
amplitude of about 0.15 mm

3312

if the blades are to vibrate at the required ampli-
tude of 12.5 mm at each of the “lips”. The tuning
fork is mounted on steel suspension strips (B,, B,,
B, in fig. 2), so that the horizontal movement is
virtually unimpeded. The electrical connection to
the stub (the end section of the resonator system,
St in fig. 1) is effected by bent leaf springs (G) of
beryllium bronze. No vibration energy of conse-
quence is transmitted via the strips and leaf springs
to the stub and its supporting insulators. The
large amplitude of the tuning-fork blades is illus-
trated by the photograph in fig. 4.

We shall now consider the properties of the tuning
fork as a capacitor. In the “closed” position the
inner face of the blades is parallel to the surface of
the stator, the spacing 0 between them being 1.5 mm.
The capacitance is then 2580 pF. In the “opened”

position, measured at the lips, 0 is 26.5 mm and the
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Fig. 4. Stroboscopic photograph, at 110 flashes per second, of
the stator of the modulator and the overlapping ends of the
blades of the vibrating tuning fork. Each blade is thus shown
in its two extreme positions (“closed” and “open” state of
tuning fork). Note the considerable amplitude of the blades.

Omin=1,5mm
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capacitance 256 pF. These figures reveal that the
relative variation of the capacitance (approx. 1 : 10)
is considerably smaller than the relative variation
of ¢ (approx. 1 :18). This is due to the non-parallel
motion and to the varying spread of the electrical
field. This is evident from the pattern of the electrical
lines of force and equipotential surfaces, from which
the capacitance can be determined 2); see fig. 5a
and b.

If the synchrocyclotron is to function properly, the
electrical oscillation frequency f of the RF system
must fall successively from the maximum to the
minimum value in accordance with a certain time
function (see part 1I). The mechanical vibration of
the tuning fork, i.e. the variation of the distance ¢
between the blades and the stator as a function of
time, is sinusoidal. The variation of the capaci-
tance C as a function of 6 — between the two extreme
values mentioned — is represented in fig. 6a. The
variation of f as a function of C (fig. 6b) was found
from calculations and from measurements on models
of the RF system, where the vibrating capacitor
was replaced by an adjustable plate capacitor. From

%) E. Weber, Electromagnetic fields, theory and applications,

I. Mapping of fields, Wiley, New York 1950.

=26,5mm

6/770)(

o~

Fig. 5. Lines of force (dotted) and cross-sections of equipotential surfaces (solid lines) of
the electrical field between the stator and one of the blades of the tuning fork, a) in the
closed state, b) in the open state. In (b) the electrode faces are not parallel.
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these three relations we can construct the resultant
curve of f as a function of time. This is shown in
fig. 6c. '

Structures of such large dimensions as this cyclo-
tron. are always subject during operation to per-
ceptible deformations due to variations of tempera-
ture and pressure, to magnetic forces, to elastic

2400pF |- 30Mc|st-
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tain the limits of the frequency variation, it was
necessary to install elaborate control equipment.
This . equipment, which will be briefly described
below, serves the additional purpose of protecting
the tuning fork from damage: in the event of a fault,
it switches off the drive and in some circumstances
the RF oscillator also.

30Me|st—

4436

Fig. 6. a) Capacitance C of vibrating capacitor, as a function of the distance J between

the blades and the stator.

b) Oscillation frequency f of the RF system as a function of C.
¢) Variation of oscillation frequency f with time ¢, during one modulation period. This
relation is derived from («) and (b), assuming § varies sinusoidally with time (dashed curve).

after-effects in vacuum seals, and so on. These
deformations affect the relative position of stator
and tuning fork. The amplitude of the tuning fork
is also subject to a variety of changing influences,
like the electrostatic forces between tuning fork and
stator and the damping caused by eddy currents,
which are induced in the moving blades by the stray
field of the cyclotron magnet. Variations in these
factors are unavoidable, since nuclear experiments
with the machine require that it may be possible to
vary not only the magnetic field but also the
magnitude of the RF voltage and the length of time
it is switched on. Since it is essential to the proper
operation of the cyclotron that the relative position
of stator and tuning fork, and also the amplitude of
the latter, should not vary significantly during
operation (e.g. less than 0.1 mm), in order to main-

When the ¢yclotron is operating, the RF current
on the outer surface of each blade, and also on the
inside near the stator, is of the order of 1000 amperes.
The removal of the heat generated by this current
created various problems, which we shall also
consider at some length.

Mechanical design of the tuning fork

To illustrate the procedure adopted in designing
the tuning fork, we shall take as our starting data a
frequency of 55 c¢fs, the maximum and minimum
capacitance required and the maximum available
space of 200X 60X 20 cm. The tuning fork in its
present form was developed in successive stages,
partly empirically and partly on the basis of theoret-
ical considerations stemming from the simple case
of a vibrating bar of constant cross-section clamped
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at one end. It was necessary to take into account the
material stresses and fatigue lifetime, the driving
system, the weight and the method of support, the
heating, and finally the problems of fabrication.

It will be useful first of all to confine our consider-
ations to the form of the longitudinal section (the
profile) of the tuning fork. The effect of the large
width of the plates will be dealt with at a later stage.

The vibrating cantilever bar

When a uniform bar of free length I and thick-
ness h, clamped rigidly at one end ( fig. 7), vibrates in
its fundamental mode with a maximum amplitude p,
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Fig. 7. Uniform bar clamped at one end. The width b of the
cross-section is irrelevant to considerations concerning the
amplitude p, the frequency fm and the bending stress o.

the maximum bending stress ¢ occurs at the place
where the bar is clamped, and is given by:

Ehp

o= 1176 T

where E is the modulus of elasticity. The fundamen-
tal vibration (for which the bar deflects as in fig. 7)
has the frequency

ch
fm=0.162F, e e e e

where ¢ is the speed of sound in the bar material.
From (1) and (2) we at once find the important
relation:

0=Kv~c§fmp, R )]
in which the length and the cross-section of the bar
have thus been eliminated. The numerical factor K,
is 10.9. We write the equation in this form because
it is found to apply equally to vibrating bars of
other longitudinal profile though with different
values for the “form factor” K.

Before drawing conclusions from formula (3) we
shall deal with the choice of material. From the
points of view of fatigue strength and manufacturing
possibilities, the choice lay between an aluminium
alloy and a (non-magnetic) steel. The speed of sound
cinboth materialsis roughly 5000 m/sec; thus accord-
ing to equation (2) the same dimensions would apply
to both cases. Aluminium was preferable because of
its better electrical conduction, its lower mechanical

damping and better workability, and the choice
finally fell on an aluminium alloy, “Permandur”,
which possesses very high fatigue strength whilst
retaining a reasonable electrical conductivity.
With reference to the bar, eq. (3) expresses the
general fact that the natural frequency f, and the
amplitude p of a vibrating body cannot be raised
independently, a limit being set by the permissible
loading of the material. This is a problem encoun-
tered, for example, in mechanical sound-recording,
where the problem is to record the highest audible
frequencies with a reasonable amplitude 3). It is
perhaps surprising that, with our tuning fork, this
problem arises at the relatively low frequency of
55 cfs. The reason is the very large amplitude
required. The value of p = 1.25 ecm was specified
from an estimate of the capacitance wvariation
obtainable with a vibrator asin fig. 7. If we substitute
this value for p in eq. (3), taking fi, and c¢ at the
values mentioned and with Ezj = 0.7 X 108 kg/cm?,
we find a bending stress of o = 1050 kg/em?2. This is
much greater than the value of 600 kg/cm?2, which is
regarded as admissible in the case of aluminium
required to have a fatigue life of about 10? vibrations.

The fact that p = 1.25 cm at a frequency fm = 55 ¢fs is
a very large amplitude may perhaps best be appreciated by
comparing the situation with that under static loadihg. For
the bar to have the desired natural frequency it could be made,
say, 1.5 cm thick and 46.8 cm long (see eq. 2). If the “bar”
is given a width of 2 metres, like our tuning fork, the force
that would have to act uniformly over its free edge to produce
a deflection of 1.25 cm would be 4.4 tons.

With a uniform bar, then, it was not possible to
meet the requirements.
As long ago as 1879 Kirchhoff showed that, given

the same natural frequency and amplitude, the

bending stress in bars of wedge-shaped profile
(fig. 8) is substantially lower 4). Eq. (3) is applicable

e
Z

Fig. 8. Bar with wedge-shaped profile, clamped at one end.
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here with the much smaller form factor Ky = 2.78.
This would make it possible to achieve the desired
capacitance variation with a bending stress of only
260 kg/em2 A “mathematical” wedge cannot be

3) Seee.g. A. T. van Urk, The sound recorder of the Philips-
Miller system, Philips tech. Rev. 1, 135-141, 1626, far-
mula (3).

%) G. Kirchhoff, Uber die Transversalschwingungen eines
Stabes von verinderlichem Querschnitt, Ann. Wiedemann
10, 501-512, 1880,




1960/61, No. 5

used because a sharp edge would greatly increase
the risk of electrical breakdown between vibrator
and stator, quite apart from the manufacturing
difficulties it would involve and its mechanical
vulnerability. A compromise can be found, however,
between the uniform and wedge shapes by giving
the profile the form of a truncated wedge, the form
factor for which will be betiween 10.9 and 2.78. The
process of calculating the natural frequency and
form factor of a bar of this shape is fairly complicat-
ed. The shape finally computed ) is shown in fig. 9,
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Fig. 9. Cantilever bar of truncated wedge profile chosen for
the blades of the tuning fork.

the form factor for which is Ky = 4.87. The maxi-
mum bending stress is 460 kg/cm?, which is well
below the permissible value of 600 kg/cm?.

For the interested_reader we shall give a brief outline of the
above-mentioned calculation. For a bar of density g and of
linearly-varying thickness as in fig. 9, whose cross-section at
unit distance from the vertex of the mathematical wedge has

an area A, and a moment of inertia I;, the deflection y as a -

function of the distance u to this vertex is given by the
differential equation 8):

EI, 1 a* d2y
20 20 — 0= 3 )
4rfinly = od, u duz(u du2>' ..... (4)
Changing to the new variable
v = 27fmu Vgio s e e e e 5
futs ) & T ®)
we can express (4) in the simpler form:
a2 d2y
= ¥ 3 T al* s e e s e
Y= A (v dvz) ©

It is easy to verify that all solutions of the differential
equation

&y dy _
v d_112| + 2 (—1; =¥ . e e e s s (711)
satisfy (6) and the same holds for all solutions of:
2
LIPS (7b)

F L T
The general solution of (6) can therefore be written as a linear
combination of the general solutions of (7a) and (7b), which
are special forms of the Bessel differential equation. These
solutions are:

y = 3o [4Ty(2}) + BN,20%)]
and
y = —3 ot [iCT(2*) + DH,®(jut)],

where J;, N; and H,() are respectively first-order Bessel,

§) See F. Krienen, Modulator CERN synchrocyclotron, CERN
report 58-8, 23rd April 1958.

6) See e.g. J. W. Strutt (Lord Rayleigh), The theory of sound,
Macmillan, London 1926 (2nd ed.), Part I, Chapter 8;
P. M. Morse, Vibration and sound, McGraw-Hill, New York
1948,
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Neumann and Hankel functions. With the new variable
w = 2v% the deflection is finally given by

wy = AJ,(w) -+ BN,(w) — jCJ,(w) — DH,M(jw). . (8)
The four integration constants 4, B, C, D have to be found
from the boundary conditions. These are:
1) The angle of inclination dy/du at the clamped end = 0.
2) The deflection y at the clamped end = 0.
3) The bending moment, i.e. d%y/du?, at the free end = 0.
4) The transverse force, i.e. d®y/du?, at the free end = 0.
Substitution of these boundary conditions in (8) yields four
homogeneous equations in the four constants. This system of
equations has a solution only if its determinant, consisting of
16 Bessel functions, is zero. From the equation thus obtained
one can determine, though rather laboriously, the eigen
values w and hence, via eq. (5), the natural frequencies fm.
Of these we are only interested in the lowest frequency (the
fundamental).

The bent bar

Even with the profile thus derived, the cantilever
(wedge) bar — or rather, in view of its width, the
cantilever (wedge) plate — is still not immediately
a practical proposition. Noticeable deformation is
unavoidable at the edges of the clamping blocks,
with all the disadvantages this entails. Furthermore,
powerful longitudinal forces as well as transversal
forces act on the clamped end during vibration, and
whilst the transversal forces might be balanced in
our case, namely by using two plates vibrating in
antiphase and clamped in the same block, longitu-
dinal balancing is not readily possible. The latter
forces are thus transmitted via the clamped end to
the stub and to the accelerating chamber in the
cyclotron.

It can be seen that these difficulties are circum-
vented by building the vibrator in the form of a
tuning fork. This may be regarded as consisting of '
two bars, each having a profile as calculated above
(fig. 9) but bent to form a half U. At the point where
the two halves are “joined” (in reality, of course, the
whole U-bar is made from a solid block of material)
the same boundary conditions are realized as in the
case of clamping. The difference, however, is that no
forces whatsoever need be transmitted to the sur-
roundings, since the tuning fork can be mounted on
weak suspension springs. For the fundamental mode
the tuning fork then vibrates assketchedin fig. 10.

Fig. 10. Extreme positions of tuning-fork blades in the funda-
mental mode of vibration. The unexcited state is denoted by
the dashed lines. Each blade bas a “nodal line” at k.
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The mode of vibration and frequency of the bar

bent into a half U cannot be calculated exactly.
Experiments show that the frequency of the bar is

not much altered by the bending 7). Investigation of

the mode of vibration of a model (plate width 30 ¢cm),

using stroboscopic illumination, showed that there

was not much change either in the deflections with
respect to the centre plane of the bar profile. The
important question remained, however, whether the
_bar would not be subject to considerably larger

mechanical stresses o at a given frequency fi, and

amplitude p than the straight bar. Since the modes
of vibration were the same, we drew the inference
that the maximum kinetic energy was the same in
both cases, and hence also the maximum potential
energy (work expended on bending). But to infer
from this that the stresses in the bent bar were the
same as in the straight bar, we needed to be certain
that the neutral plane (plane of zero deformation)
remained in the centre plane of the bar profile during
the vibrations of the bent bar, as it does in the
straight bar. This was by no means certain; on the
contrary, there was reason to believe that the
neutral plane shifts, since it is known that this is the
case for the deformation of thick rings, and since the

major part of the bending energy of the U-bar is -

accumulated in the bent portion where it most
resembles such a ring.

The simplest way out of this difficulty was to
measure the stresses directly with the aid of strain
gauges affixed to the inside and outside of the model.
The largest alternating bending stress was found to
be 370 kg/cm? on the outside, and 510 kg/cm? on the
inside. These values were thought to allow a suffi-
cient margin of safety, having regard to the “per-
missible” stress of 600 kg/cm? To make doubly sure,
a 1:4 scale model was made in which, at a quarter
the amplitude and a four times higher frequency
(220 ¢/s), the same bending stresses arise. This model
was subjected to a life test of 10° vibrations. The
higher frequency reduces the length of the test to
52 days and nights, which the model withstood very
satisfactorily.

In fact, it was these results that led to the decision
to fix the modulation frequency at 55 ¢fs. It had
been the aim to have as high a modulation frequency
as possible, since this favours a high average proton
current. Actually, the upper limit set to the repeti-
tion frequency by the requirement that the particles
must have sufficient time to reach their final energy

7) This has also been demonstrated theoretically for the
prismatic bar (fig. 7); see C. H. Keulegan, On the vibration
of U-bars, Bur. Stand. J. Res. 6, 553-592, 1931.

is considerably higher than 55 cfs (viz. above -
100 ¢/s), as explained in Part II.

The actual dimensions of the tuning fork (fig. 2),
which it was not yet necessary to include in these
considerations concerning frequency, amplitude,
mode of vibration and stresses, were established by
the absolute magnitude of the capacitance to be
achieved. ' '

After these preparatory investigations, two tuning
forks (one as a stand-by) were made with the
required dimensions from two rolled blocks of
aluminium. These blocks were ultrasonically tested
for the presence of flaws. After machining, the
tuning forks were finished by hand to an accuracy
of 0.1 mm. In view of the marked effect which the
state of the surface has on the fatigue strength, the
bent part was polished on the inside and outside.

For the construction of the stator it was important
to ascertain whether, in the closed state, the am-
plitude of the lips was sufficiently constant over
the whole width of 2 metres. This again was checked
stroboscopically. The amplitude, measured within
0.1 mm, was found to be constant within the
permissible margin of 0.2 mm. The stator could thus
be made in the form of a straight uniformly profiled
bar. The profile had to be adapted to the shape of
the tuning-fork blades in their closed position. The
part of the blades involved (4-B in fig. 5) was found
to remain straight within 0.1 mm.

v

Drive mechanism

From fig. 10 it may be inferred that the tuning
fork will vibrate as required if the foot is caused to
vibrate periodically in the direction of the axis of
symmetry at a frequency equal to the fundamental
frequency of the tuning fork. First thoughts perhaps
suggest transferring the necessary alternating force
to the foot by means of a rigidly mounted system,
driven magnetostrictively, electromagnetically or
electrodynamically (like a loudspeaker). Model tests
soon made it clear, however, that the vibrations
transmitted to the surroundings are prohibitive in
the case of a rigidly mounted drive system. We
may illustrate this by making an estimate of the
necessary alternating forces — which, of course, are
exerted as reaction forces on the support of such a
rigid drive system. In the two blades of the tuning
fork a vibration energy of about 60 joules is accumu-
lated. From very rough model tests it was estimated
that about 1%, of this energy is dissipated per
vibration. The power to be supplied by the drive at
a frequency fi = 55 cfs was accordingly estimated
at P =15 W (see also below). Assuming that the
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driving power F is in phase with the velocity x
at which the foot is displaced, we can write:

P =}x2nfmx F.

At the assumed amplitude of the lips (1.25 cm),
% ~ 0.15 mm, which yields F ~ 600 newtons. In
practice it is not generally possible to satisfy the
above phase condition in full, so that the amplitude
of the alternating drive force would be something
like 1200 newtons (~ 120 kg).

Numerous other requirements and limitations
made the drive system a difficult problem. The
available space for the mechanism was restricted,
the mechanism had to be readily replaceable in the
event of a fault occurring, the heat generated
(copper and iron losses) could effectively only be
removed by conduction, because of the location in
vacuo, for the same reason the use of sliding
surfaces demanding lubrication was ruled out, and
finally the drive had to operate at a position where
the stray field of the cyclotron magnet was still
fairly considerable.

The solution finally arrived at was an “internal”
drive, utilizing an auxiliary mass which avoids a
rigid mounting. The system is illustrated in fig. 11,

G L] v
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Fig. 11. Schematic representation of drive mechanism.
T tuning fork with foot D, to which is mounted the electro-
magnet Magn with coils L. 4 armature, also connected to
foot by springs V. The armature is weighted by brass blocks G.
In reality, these are mounted partly around the magnet, owing
to restricted space and also with a view to minimizing the
bending moment acting on the springs.
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and in the photographs of fig. 12a and b. An electro-
magnet with a laminated core is screwed to the foot
of the tuning fork. The armature of the magnet,
which acts as the auxiliary mass (further weighted
by brass blocks to bring the total weight to 17 kg),
is fixed to the foot by two very stiff springs of
chrome-nickel steel; the resonant frequency of this
system (auxiliary mass and springs) is virtually
identical with the fundamental frequency of the
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tuning fork, 55 ¢/s. When the electromagnet is now
energized with an alternating current of 27.5 ¢fs -
(half the resonant frequency, because the magnetic
force is not reversed when the current changes
direction), the tuning fork and the auxiliary mass
are set in vibration in opposite phase at a frequency
of 55 ¢/s. The amplitude of the relative displacement
is about 1 mm. Because the system vibrates at its
resonant frequency, the amplitude of the force F
which the springs transmit to the foot of the tuning
fork is about six times greater than the amplitude
of the force Fy, with which the magnet attracts the
armature. The value }' &~ 1200 newtons can thus be
reached with a reasonable energizing current.

For the coil windings, good use was made of a new
Philips technique for winding enamelled wires, in
which no paper insulation is needed and which gives
a particularly high filling factor (85%,) and good
heat dissipation (1 W/m? per °C/m) *) — properties
which were important here, where the magnet had
to be accommodated in a limited space in high
vacuum.

Mention should be made of the special form of the
springs, shown clearly in fig. 12a and b. The fabrica-
tion of the springs from a single piece of material
presented some difficulties, but the result justified
the trouble taken. The springs have a highly
constant stiffness of 1000 N/mm each, provide rigid
clamping, and moreover their stiffness is relatively
much greater in the transversal direction, properties
insufficiently attainable with the more conventional
helical spring and leaf-spring assemblies. A secondary
advantage is their easy mountability. The bending
stresses occurring are fairly high, up to 3000 kg/cm?,
which calls for a highly polished finish to aveid
premature fatigue failure due to surface disconti-
nuities.

We shall briefly describe the method of working out the
required mass of the auxiliary mass, the spring stiffness and
the magnetic force. For this purpose the system consisting of
tuning fork and drive mechanism was replaced by the model
represented in fig. 13.-M" is the auxiliary mass, S the stiffness
of the chrome-nickel steel springs. The friction B” represents
the hysteresis and eddy-current losses of the electromagnet
and the deformation losses of the springs. The continuously
distributed mass of the tuning fork is replaced by two con-
centrated masses M and M’, corresponding to the parts lying
respectively between, and outside (on either side), the nodal
lines of the fundamental mode of vibration (cf. fig. 10). Further,
S’ represents the lumped stiffness of the tuning fork, B the
lumped mechanical damping of the mounting (fig. 2), which

*) Editorial note: We hope to be able in the near future to
publish an article on this winding technique, which has
already proved to be of value in many applications,
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can be disregarded in the first instance, and B’ allows for the
internal damping of the tuning-fork material, for eddy-current
losses in the stray field of the cyclotron magnet, and, in some
experiments done during the development, for viscous damping
by the atmosphere (air or hydrogen gas). The quantities M,
M’, S” and B’ were calculated from the fundamental fre-

quency fm, the total potential energy W of the vibrating tuning
fork, and the measured power P absorbed at resonance. (It is
found that M may be put equal to the actual mass of the whole
tuning fork, together with all parts rigidly mounted to it.) We
now have the following three differential equations for the
motion of the three masses:

2542

Dl it i

Fig. 12. a) Drive mechanism ready to be bolted to the foot of the tuning fork. Meaning

of letters as in fig. 11.

b) The mechanism dismantled. Right, the electromagnet with coils on base plate; left,
the auxiliary mass with laminated armature and springs.

The rectangular recesses in the edges of the base plate are for the cooling pipes, which
remove the power dissipated in the electromagnet (about 30 W, see page 179).
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Fig. 13. Equivalent circuit of tuning fork and drive mechanism,
for deriving the equations of motion and for studying the
behaviour of the whole system.

Mx + Bx + §'(x—«') + §"(x—x") = Fr,
M's + B's’ + S'(x’'—x) =0,

) M”%" + B'x" 4 §"(x"—x) = —Fm.
With the aid of these equations, the behaviour of the vibrating
system was examined in detail. In particular, the force F
acting on the foot of the tuning fork, and given by:

F = Fn + 8"(x""—x), (10)
was calculated for varying conditions. We shall mention here
only one rather unexpected result of these calculations, namely
that stable operation is best ensured if the natural frequency
of the system formed by the two masses M and M” and the

spring S”, is about 0.5 ¢/s lower than the resonant frequency
of the whole system. This was also confirmed experimentally-

. (9)

To avoid the excitation of unwanted modes of
vibration, and the needless dissipation of energy in
the coils (which would complicate the removal of
heat in the vacuum), the magnetic force on the
armature should possess no higher harmonics of the
fundamental frequency, i.e. it should be purely
sinusoidal. The form of the energizing current
needed for this purpose is by no means sinusoidal,
since the magnetic force at a given current is still
highly dependent on the length of the air gap of the
magnet, which varies during the vibration. This is
illustrated in fig. 14.
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The energizing current with the required wave-
form is obtained by supplying the sinusoidal voltage
from an RC oscillator to a push-pull amplifier in
class C operation. The natural frequency of the
RC oscillator is roughly 27.5 cfs. As the tuning fork
vibrates, one of the blades reflects the light from a
stationary electric bulb, thereby transmitting
periodic flashes to a photocell. The voltage pulses
thereby produced are used to synchronize the
RC oscillator. As a result of this feedback, which is
automatically kept in the correct phase, the tuning
fork vibrates precisely at its fundamental frequency.

The photocell signal is also used for synchronizing
the periods during which the RF oscillator for the
cyclotron is switched on: so that no energy shall be
wasted, the RF oscillator is operated only in that
half of each modulation period during which the
};articles can be usefully accelerated ( f decreasing).
Moreover, the signal can be used to synchronize the
ion source — if the latter is pulsed — and any other
devices that may be involved in experiments with
the particle beams.

Parasitic modes of vibration

The mode of vibration in which we are interested
— the fundamental mode of the tuning fork — is
purely two-dimensional. For this reason, in the
foregoing, we have mainly had to concern ourselves
with the profile of the tuning fork. Hoiever, its third
dimension (its width of 2 metres) may give rise to
three-dimensional modes of vibration, such as occur
in membranes and plates. By exciting the tuning
and

fork at its various resonant frequencies,

Fig. 14. Electrical supply for
drive mechanism. From top to
bottom are shown, as a function
of time ¢: the relative displace-
ment of the armature (length 4
of air gap), for which a sinus-
oidal variation is assumed; the
magnetic attractive force Fi;
the current i for energizing the
electromagnet. The dashed
curve represents the velocity

of the armature.

Curves (a) relate to a current
waveform designed to produce
a sinusoidal variation of the
magnetic force. Curves (b) re-

present the case of a sinusoidal
current; the magnetic force
here is badly affected by higher
harmonics of the fundamental
frequency.
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sprinkling sand on to the plates, Chladni’s figures
can be produced of the different modes of vibration
(see fig. 15) %). If the natural frequency of a partic-
ular mode of vibration is equal or almost equal to
a multiple of the fundamental frequency, this

VOLUME 22

first kind, i.e. forms without node at the sides,
since modes with side nodes are found to have
much higher frequencies which are not troublesome.)
It can be seen in fig. 17 that the frequencies of the

modes a04 and s04 are fairly close to twice the

Fig. 15. Chladni’s figure obtained when the tuning fork is made to vibrate in a particular
undesired mode by excitation with the appropriate resonant frequency ®).

vibration may be directly excited by the driving
force or via an internal coupling with the fundamen-
tal mode of vibration (e.g. due to the Poisson
contraction). It is then superposed on the fundamen-
tal vibration, thereby upsetting the operation of the
modulator.

The chance of such a dangerous coincidence of
frequencies is small, but we did in fact happen to
stumble on it. To illustrate the counter-measures
adopted, we shall examine the possible modes of
vibration at somewhat greater length.

We denote the modes of vibration by two index
figures, which indicate for a single blade of the
tuning fork the number of nodal points at the sides
(but not counting the inevitable fundamental node
near the foot, see fig. 10) and at the front edges,
respectively. We also add to these figures an s or
an a, depending on whether the two blades vibrate
symmetrically or anti-symmetrically (see fig. 16);
both

vibration does not shift the centre of gravity of the

cases are possible, since anti-symmetric
system as a whole. In this notation, s00 is the
fundamental mode of vibration, which is the one
we want. Fig. 17 illustrates various modes of
vibration together with their resonant frequencies,
measured on a 1 :4 scale model of the tuning fork.

(We are concerned only with vibration modes of the

) A short account of these was published some time ago in
this journal: B. Bollée, Chladni’s figures on the vibrating
capacitor of a synchrocyclotron, Philips tech, Rev, 19,

84-85, 1957/58,

frequency of s00. With the actual tuning fork,
mounted in the vacuum tank, the frequency of the
s04 mode was even more troublesome than in the
model; it was this mode that gave rise to the trouble
referred to above. This occurred particularly when
the tuning fork was warming up (see next section).
The effect of heating causes a slight shift of all
resonant frequencies — not so much because of the
expansion of the material but because of the drop

in the modulus of elasticity. At a particular tem-

IQ

10

Fig. 16. a) Chladni’s figure of a vibration of the tuning fork,
with three nodes at the front edge and none at the sides of the
blades (except the fundamental node as in fig. 10). The two
blades can vibrate here in two modes: symmetrically (b), called
the s03 mode; or anti-symmetrically (c), mode a03.
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Fig. 17. Resonant frequencies of the modes of vibration “of the first kind’’ (i.e. without
nodes at the sides of the blades, first digit = 0), for n = 0 to 4. The black dots pertain
to symmetrical modes of vibration, the open circles to anti-symmetrical modes. These
modes, s00 to s04 and a0l to a04, are illustrated at the sides of the graph. The solid curves
drawn through the points have no physical significance in the sections between the whole
values of n; they were useful, however, in enabling us, after finding the first three
resonant frequencies, to find the others: the resonances are so sharp (width of resonance
curves of the order of 0.01 ¢/s) that they are easily missed.

The dashed curves show the resonant frequencies of the tuning fork when stiffening ribs
are fitted, as in fig. 18. The small squares pertain to symmetrical modes, the crosses to

anti-symmetrical modes of vibration.

perature distribution, the s04 vibration came to
resonance.

Apart from making a new tuning fork with
modified dimensions, which was obviously not an
attractive proposition, there were various possible
ways of dealing with this interference, namely:
artificial damping, “decoupling” by cutting slots
into the blades, and finally shifting the dangerous
resonant frequency by reducing the width of the
blades or by mounting a stiffening rib on each of
them.

After careful consideration of the drawbacks and
risks of these measures and the time they would
probably cost, the choice fell on the stiffening ribs.
Fig. 18 shows how the rib is mounted over the whole
width of a blade. It was necessary to secure the ribs
with particular care, since they undergo accelera-
tions of 120 g during vibration. Of course, the ribs
not only change the ratio of the fundamental
frequency to the frequency of s04, but also to the
frequency of all other modes of vibration. The

chance that this will give rise to other resonances
can, however, be minimized, for it can be shown
that, at the temperature distributions found in
practice, no troublesome resonances will occur
provided that all resonant frequencies, assuming
a homogeneous temperature distribution, differ by
at least one per cent from any neighbouring whole

~

20x10x2
.

|
i 35 ! 2926
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Tig. 18. Location and form of the stiffening rib mounted to
each of the two blades to prevent the excitation of undesired
modes of vibration. (The ribs are clearly visible in fig. 24.)
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multiple of the fundamental frequency. This follows
from an estimate concerning the expected effect of
the locally varying decrease in the modulus of
elasticity, and concerning the (very small) width of
the resonance curves for the various modes of
vibration. With the aid of data derived from a
model, the approximate displacements of all
resonant frequencies, brought about by the stiffen-
ing ribs, was calculated for various positions and
dimensions of the ribs. In this way the dimensions
and location were determined which satisfy the
above 19, condition (fig. 18). After the ribs had been
fitted, no further undesired resonances were en-
countered. As a consequence of the increased weight
the fundamental frequency itself dropped to 54 ¢/s,
and it was necessary to adjust the drive mecha-
nism accordingly.

It would be going too far to describe here the
method of calculation adopted. It should be men-
tioned, however, that the solution of the problem,
although it apparently concerns a minor detail,
had a decisive bearing on the success of the whole
modulator project.

Cooling the tuning fork

Part of the tuning fork (4B in fig. 5) functions as
a variable capacitance in the RF system and thus
carries an RF current (instantaneous frequency f).
For various reasons it was necessary to give very
careful consideration to the removal of the heat
thereby generated. We shall go into these reasons
and discuss the solution adopted.

The heat likely to be generated can be fairly
accurately calculated. Since the length of the
tuning fork is small in relation to the wavelength,
the current flowing in the tuning fork may
be regarded to a good approximation as quasi-
stationary. This current is given by:

Up . 2nfl

I = —Zsin
£ c
where [ is the distance between the tuning fork and
the dee mouth, { is the characteristic impedance of
dee and dee stem, Uy, the voltage at the dee mouth
and ¢ the velocity of light. Up varies with the
frequency f, from about 8 kV at 29 Mec/s to about
25 kV at 16.5 Mc¢/s. Given ! = 3.5 m and the value
{ = 6 ohms, as assumed at a preliminary stage of
the design, it follows that I varies between 3100
and 1550 amperes. If s is the length and b the
breadth of the tuning fork, d the penetration depth
of the current and g,, the resistivity of the alumin-
ium alloy, then the resistance is given by:

s e .. (1D)
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We can fill in s=60cm, b=2m, gy =

4.926 X 1078 Qm at room temperature, but the pene-
tration depth d also varies with the frequency, from
22 microns at 29 Mec/s to 29 microns at 16.5 Mec/s.
The average power is found by integrating IR

“over one period of modulation, using the known

time-variation of the frequency (fig. 6¢) and taking
into account that the RF oscillator is operated only
for about half of every modulation period (see
above). Graphic integration led to the value
P =240 W.

Apart from this electrical dissipation, some heat
is also generated by the mechanical losses in the
vibrating tuning fork, but these losses are roughly
estimated, as mentioned earlier, at only about
15 W. '

The removal of a dissipated power of some 250 W
from the large surface of the tuning fork would be
a simple matter if convection were possible; in a
vacuum, however, it becomes a problem. Relying on
the large surface area, one might in the first place
think of removing the heat by radiation. A simple
calculation shows that this is not a feasible solution.
The total radiating surface may be put at
2% 200X 60 cm? (the heat spreads easily enough
throughout the tuning fork). Between the copper
outer conductor of the RF system and the alumin-
inm tuning fork the temperature difference should
be such as to allow a heat transfer of about
0.01 W/ecm2 Having regard to the absorption
coefficients of copper and aluminium (both of which
are about 0.2), we arrive at a temperature rise of
approximately 120 °C in the aluminium. Such a
temperature rise is out of the question. Not only
would it reduce the natural frequency of the tuning
fork by about 1 ¢/s, thereby somewhat changing the
tuning with the drive (see the frequency condition

. mentioned on page 171, at the end of the small

print), but what is more, the material of the tuning
fork would not be able to withstand it: at tempera-
tures above about 100 °C, slow changes in the
metallographic structure of the aluminium alloy can
occur, as a result of which the material loses its
favourable properties.

An attempt to improve the radiation cooling by
artificially blackening the tuning fork and the
copper outer conductor (thus increasing the ab-
sorption coefficient) came wup against practical
difficulties. Black anodizing of the tuning fork is
ruled out because of its known disastrous effect on the
endurance limit. To spray om a black coating is
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rather risky because the coating might flake in the
long run or give off gases in vacuo, and also because
it might make things even worse by increasing the
generated heat (owing to dielectric losses).

It was therefore decided to remove the heat not
by radiation but by water-cooling. This meant that
cooling pipes had to be fitted to the foot of the
tuning fork. Now, however, we were faced with
another danger. The non-uniform cooling gives rise
in the tuning fork to a temperature gradient which,
by causing non-uniform expansion and consequent
mechanical stresses, might easily warp the blades.
This would have the most serious consequences on
the capacitance variations and on the operation of
the positioning control (see the next section). An
inquiry was therefore made into the temperature
distribution and deformation to be expected in each
of the blades.

The temperature distribution can be calculated to
a good approximation by treating the profile of the
tuning fork as a linear truncated wedge, as in its
mechanical design (see fig. 9), having a length equal
to the path along which the heat-flow takes place to
the cooling pipes. The calculated temperature curve
is shown in fig. 19. A correction has been applied here
to allow for the effective constriction at the stem of
the tuning fork, and allowance is also made for the
heat generation on the inside of the blades near the
stator, which was not taken into account in the
power calculation given above. Fig. 20 shows the
heat streamlines and the contours of equal tem-
perature. (Following the rules of field theory 2),
a sketch like this can be drawn simply by inspection,
and with some practice and patience the result is
often just as accurate as by calculation, and takes

408°C
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very much less time than measurements on an
electrolytic tank, for example.) The outcome shows

that a temperature difference of less than 13 °C was
to be expected between foot and lips. As regards the

W;=0,01W/cm?
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Fig. 19. Variation of temperature T over the profile of a tuning-
fork blade, calculated by treating the profile as a straight
truncated wedge with a constriction at the stem of the tuning
fork. From the outer surface a power W, (= 0.01 W/em?)
goes inwards, and from the inner surface a power W, (at the
position of the stator). The foot of the tuning fork is kept at
the temperature Tx by a cooling-water pipe.

deformations caused by this temperature difference,
it was necessary to experiment on a full-size tuning
fork. For this experiment the tuning fork (not
vibrating) was set up in an air atmosphere, the foot
being kept at room temperature by the cooling
pipes, whilst the whole surface was artificially
heated by strips of electrically conductive paper
which were stuck to the outer surface of the blades
with an insulating underlayer of thin nylon fabric

5,10°C 5
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306°C.,

0mm

2927

Fig. 20. Streamlines of heat-flow and equal-temperature contours in the profile of a blade
of the tuning fork (only the curved section is reproduced, the temperature variation in
the straight section being almost linear). In each stream tube (shown hatched in cross-
section) a power g flows of 0.14 W. Since only the temperature differences are important
here, the temperature in the cooling-water pipe (top left) is assumed to be 0 °C,
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(fig. 21). By supplying each of the strips with a
suitable current, the theoretically derived tempera-
ture gradient was fairly accurately simulated. It was
found that the lips of the blades were less straight
and parallel than when the temperature of the
tuning fork was uniformly raised. The deviations
were not readily reproducible, presumably because

of various residual mechanical stresses in the rolled
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stator must be maintained in spite of these de-
formations. There are two possible changes in their
relative position: changes in the overlapping of
tuning fork and stator, which amounts nominally to
exactly 10 cm over the whole width; and changes in
the “gap”, by which we mean the distance within
which the vibrating blades can approach the stator

at any point. In the ideal case the position and the

Fig. 21. Experimental arrangement for measuring the expected deformations of the tuning
fork as a result of heating during actual operation, where only one end (the foot) is cooled
with flowing water. The calculated temperature distribution is simulated by heating the
blades with strips of electrically conducting paper, each fed with a specific current.

and machined plates, but they were so small (no
more than about 0.2 mm) that they do not have any
adverse consequences.

Fig. 22 shows the tuning fork mounted to the
stub; note the flexible connections for the cooling
pipes along the foot of the tuning fork.

It should be pointed out that in the foregoing we
have considered the temperature distribution in the
stationary state. The time constant of the process
of heating and cooling the tuning fork is calculated
to be about 1700 seconds. This means that each
point of the tuning fork will have reached % of its
final value about half an hour after switching on the
cyclotron.

Automatic positioning control

In the introduction we referred to the deforma-
tions that occur in the whole RF system when the
cyclotron is in operation, and to the fact that the
correct position of the tuning fork in relation to the

amplitude of vibration are so regulated that the gap
at all points is 1.5 mm.

The relative horizontal displacements caused by

I )

deformations are of the order of 1 mm. They have
ardly any effect on the gap but only on the over-
hardly any effect the gap but only on tl
apping, which causes no noticeable change in the
lapping, whicl t ble chang tk
the
position of tuning fork and stator in the horizontal

capacitance wvariation. As regards relative
direction, it was therefore thought to be sufficient to
make an adjustment once and for all when installing
the modulator in the system at Geneva. To facilitate
this adjustment, the three suspension points on the
tuning fork are mounted to carriages, which can be
slid over a distance of 5 mm (fig. 22).

The relative displacements that cause changes in
the gap can be analysed into three movements (see
fig. 23): a) vertical displacement of the tuning fork;
b) turning of the tuning fork about an axis parallel
to the lips; ¢) turning of the tuning fork about the

centre line of the whole RF system. We may add to
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these d) incorrect vibration amplitude
the

changes in the gap resulting from these

of the tuning fork. To correct

deviations it was necessary to introduce,
as mentioned in the introduction, an
automatic positioning control system.
This operates with three servomotors,
which cause vertical displacement of
the three suspension points (by pivoting
about the spindles a,, a, and ag, re-
spectively, in fig. 2). By suitably actu-
ating the servomotors, separately or
simultaneously, the three movements
a-c can be effected and compensated.
The three servomotors can be seen on
the front face of the stub tank in the
title photo of Part I. A fourth servo-
motor, whose shaft is coupled with a
potentiometer which controls the ener-
gizing current for the tuning-fork drive,
is used to keep the amplitude of the
tuning fork at the correct value (d).
The four servomotors are controlled
by a system which operates roughly as
follows. The situation as regards the gap
between tuning fork and stator is ex-
plored by feelers attached to the stator.
There are altogether five such feelers,
made of “Teflon” (fig. 24), each of
which, if touched by the tuning fork,
breaks an Three

electrical contact.
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Fig. 22. The tuning fork (right) mounted to the stub, the top plate of the
latter having been removed. Note the flexible connections for the cooling-

water pipes, fitted to the foot of the tuning fork. The drive mechanism can

feelers are mounted directly on the
end of the stator (two of these are vis-
ible in fig. 24, the third being about
2 metres away at the other end of the stator). From
time to time, these three feelers, upon a “command”

7,

Fig. 23. The various misalignments in the position of the
tuning fork relative to the stator. The arrows indicate the
necessary corrections.

a) Vertical displacement.

b) Turning about an axis parallel to the lips.

¢) Turning about the centre line of the RF system.

2928

also be seen, with the three rods which connect the points of suspension
to the servomotors for the position control (see fig. 25 and fig. 2).

from the control system, can be slid further out of
their metal sheaths in two steps of 0.1 mm by a
small electromagnet. If one of these feelers is
touched in its fully withdrawn position, the control
system immediately switches off the oscillator, for
in that case the gap is less than 1.4 mm, which was
considered both mechanically and electrically
dangerous. If the tuning fork touches one of the
three feelers only after the first step, then the gap
at that position is between 1.4 and 1.5 mm; if a
feeler is touched only after the second step, the gap
is between 1.5 and 1.6 mm; if a feeler is not touched
at all, the gap is greater than 1.6 mm. The twenty-
seven possible signal combinations from these three
feelers correspond to various kinds of deviations
from the desired situation, namely of type a or ¢
(or d) or combinations thereof. By means of a
“translator” in the control system, each of the
signals sets in momentary operation that com-

bination of servomotors which leads to the cor-
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rection of the relevant deviation. The two Teflon
feelersnot yet discussed are mounted on an extension
piece (partly visible in fig. 24) on the stator so that
they check on the tuning fork at a point 100 mm
nearer its foot than the first three. If one of these
feelers is touched, the “translator” — depending on
the information received from the first three feel-

ers

actuates the servomotors in such a way that
deviations of the type b or d are corrected.

Fig. 25 shows a highly simplified block diagram
of the control system. A photograph of the control
racks can be seen in fig. 26. The block diagram also
indicates the frc(luency control, earlier mentioned,
for the drive mechanism of the tuning fork, which
is also responsible for synchronizing all the relevant
parts of the cyclotron ?).

Proving the modulator

[t was not possible to say whether the modulator
in all its complexity would come up to expectations

until it had first been proved in the cyclotron itself,

at Geneva, and then only after some months of

normal operation. Various modifications were found
to be necessary. In fact, some modifications had
turned out to be desirable after the installation had
passed through its preliminary trials at Eindhoven.
In the latter tests the conditions of operation in the
cyclotron could only be simulated to a limited
extent, as far as the positioning in vacuo and the
heating were concerned. The stub tank at Geneva
was to be in communication with the accelerating
chamber; at Findhoven, after the tuning fork was
mounted to the stub (fig. 22), the tank was pro-
visionally sealed with a special cover plate to which
the stator with built-in feelers was attached, and
which was fitted with windows for observing the
movements inside (fig. 27). The tuning fork was
heated by twelve radiators each 2 metres long (the
use of heating strips, as employed for investigating
the deformation, was obviously not possible with the
vibrating tuning fork because of the damping they
would cause). The foot of the tuning fork was kept
at room temperature by water-cooling. During the
vibration of the tuning fork it was found necessary
to make the back of the stub heavier with a block
of lead weighing roughly 60 kg, the reason being that
a resonance in the region of 50 c¢/s caused fairly
) The tuning-fork modulator in its definitive form, as indeed

the whole RF system for this cyclotron, was built under the

direction of L. van Mechelen by a department of Philips

Industrial Equipment Division at Eindhoven. Special

mention is made of A. de Groot, now at the CERN in

Geneva, who played an important part in the development

of the control system for the tuning fork and of the entire
electronic equipment for the RF system.
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Photo CERN

Fig. 24. End of tuning fork and stator, mounted in the cyclo-
tron and seen through a window in the accelerating chamber.
The photograph shows two of the five “Teflon”” feelers which
are fitted to the stator for sensing the position and amplitude
of the tuning fork.

considerable vibration of the stub together with its
supporting insulators. The amplitude of the lips,
measured with a stroboscope and cathetometer,
0.3

possible to reduce this deviation from straightness

showed local differences up to mm. It was
to about 0.15 mm by attaching a number of weights
of 10 grammes to the ribs.

In Geneva, however, other complications arose,
in particular owing to the stray field of the large
electromagnet of the cyclotron. The displacements
of tuning fork and stator when the magnet was
switched on were fortunately not too serious.
Various components, like the feeler elements and
filters in the control system which are within the
stray field, had to be provided with better screening.
The most disagreeable surprise, however, during the
trial operation of the complete synchrocyclotron
— i